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PREFACE 


Harpy in his thirties held the view that the late years of a mathe- 
matician’s life were spent most profitably in writing books; [remember a 
particular conversation about this, and though we never spoke of the 
matter again it remained an understanding. The level below his best at 
which a man is prepared to go on working at full stretch is a matter of 
temperament; Hardy made his decision, and while of course he con- 
tinued to publish papers his last years were mostly devoted to books; 
whatever has been lost, mathematical literature has greatly gained. All 
his books gave him some degree of pleasure, but this one, his last, was his 
favourite. When embarking on it he told me that he believed in its value 
(as he well might), and also that he looked forward to the task with 
enthusiasm. He had actually given lectures on the subject at intervals 
ever since his return to Cambridge in 1931, and had at one time or another 
lectured on everything in the book except Chapter XIIT. 

The title holds curious echoes of the past, and of Hardy’s past. Abel 
wrote in 1828: ‘Divergent series are the invention of the devil, and it is 
shameful to base on them any demonstration whatsoever.’ In the 
ensuing period of critical revision they were simply rejected. Then came 
a time when it was found that something after all could be done about 
them. This is now a matter of course, but in the early years of the cen- 
tury the subject, while in no way mystical or unrigorous, was regarded 
as sensational, and about the present title, now colourless, there hung 
an aroma of paradox and audacity. 

J. E. LITTLEWOOD 
August 1948 


NOTE 


PROFESSOR Hardy, who died on 1 December 1947, had sent the galleys 
of Chapters I—X to the press, and read the remaining galleys, before he 
felt, unable to continue the work. Dr. H. G. Eggleston and I. who had 
also been reading the proofs, completed their revision in both galley and 
page form. Professor W. W. Rogosinski read the manuscript of Chapters 
Τ- ΤΠ and XI-XTI, and Miss S. M. Edmonds that of Chapter X; and I also 
read the book in manuseript. Dr. Eggleston checked all the references, 
drew up the lists of authors and definitions, and drafted the general 
index; and I added the note on conventions. My own task has been 
greatly lightened by Dr. Eggleston’s help, and also by the care and 
consideration of the Clarendon Press. 


L. 8. BOSANQUET 
August 1948 
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NOTE ON CONVENTIONS | 


A FEW conventions and familiar results, not emphasized in the text, 
are stated here. 
STIRLING’S THEOREM 
It is proved in § 13.11 that, for large real z, 
log Γία-Ε 1) = (x+4)log x—a-+ $ log 27+ Ο(α ἢ), 
and generally 
log [(a+1) = (x-+4)log x—2-+ $ log 27-++ 


ne > aie (Seg trey ΕΠ 


These formulae are used freely in the earlier chapters. The second is 
assumed in § 6.10 for complex x (cf. Whittaker and Watson, 251-3). 
BINOMIAL COEFFICIENTS 
For n = 0, 1.,..., 
α α(α--- 1)... (a—n—+ 1) 
n οἱ] 
n+B\ _ (B+1)(B+2)..(B-+n) _ μνῈ β 
β n! n | 
It follows from Stirling’s theorem that, if β A —1, —2.,..., then 
"ἢ - nB 
B-s B-p-1 
a) a ret Som bomen 


SUMMATION CONVENTIONS 


β 
Σ (Ὁ) denotes δ᾽ fi(n); 
: ΠΡ α a<n<p 
if 8B <a this is zero. 
>, written without limits, usually denotes >, or δ᾽ if a term of zero 
0 1 
rank is not defined, but other conventions are sometimes used. Con- 


ventions are given on pp. 42, 96, 131-2, 139, 162, 205, 215, 227, 239-40, 
320, 350, and 372. 


DIFFERENCES 
Aun, = Un—Unap A°u, = Un» 


Afu,, = Δ A*-1u,, (k = 1,2,...). 


xvi NOTE ON CONVENTIONS 


INTEGRATION CONVENTIONS 

‘Integrable in (a,b)’ means ‘integrable in the Lebesgue sense in 
(a, b)’. 

All functions that occur are assumed to be measurable. Thus, if (a, b) 
is a finite interval, ‘f = O(1) in (a,6)’ implies ‘f is integrable in (a, b)’. 


00 x 
f denotes lim f , if this limit exists, i.e. if the integral is convergent. 
ὁ Χο ὃ 


J , written without limits, usually denotes [ , but other conventions 
0 
are sometimes used. Conventions are given on pp. 12, 50, 98, 110, 115, 
135, 156, 166,215, 235, 257, 285, 296, 327, 330, and 338. 
THE Cuasszs LZ ann 107 (r > 0) 
‘f is [*(a,6)’ means ‘[f is measurable and] ||" is integrable in (a, 6)’. 


‘fis DL’ means ‘fis L’’. Thus ‘f is L(0, 00)’ is equivalent to ‘ [14 is 
0 
absolutely convergent’. 


CONSTANTS 


Capital letters, such as H, K,..., are used to denote numbers indepen- 
dent of the variables under consideration, but are not necessarily the 
same at each occurrence. 

O,O,,Op,0 AND ~. 

If d > 0, then 

f= Ο(φ) means ‘|f| <H¢’, 
‘Sf = O,(¢)’ [or Op(p)] means ‘f > —H¢’ [or < ΗΦ], 
‘f = o(¢)’ means “{{φ -» θ᾽, 
‘f~? means “{|φ-» 1. 
The symbol ~ is also used for ‘has the asymptotic series’, ‘has the 
Fourier series’, and ‘is the Fourier transform of’. 
SIGN OF 2 
_ f x/lx| (z| τ 9) 
ἀν Giant 
INTEGRAL PART OF x 
[1] denotes the algebraically greatest integer not exceeding x. 


{ Here, of course, ¢ may be negative. 


I 
INTRODUCTION 


1.1. The sum ofa series. The series 
co 
is said to be convergent, to the sum s, if the ‘partial sum’ 
Sp == Ap tay t...F+Qy 


tends to a finite limit s when n> ©o; and a series which is not con- 
vergent is said to be divergent. Thus the series 


1.1: Ae. (1.1.2) 1—2+38—44..., 
(3); 19-484... Aid) Tipo) 3 i... 
(1.1.5) 1-+1+4+141+4..., (1.1.6) 14244+48-+4..., 


are divergent. The series 


(1.1.7) 1-Ε εἴθ. e294 |. (1.1.8) 4-1. cos 0-+-cos 20+..., 
are divergent for all real 6, and 
(1.1.9) sin 6+-sin 20-++sin 30+... 


is divergent except when θ is a multiple of 7, when it converges to the 
sum 0. 

The definitions of convergence and divergence are now commonplaces 
of elementary analysis. The ideas were familiar to mathematicians 
before Newton and Leibniz (indeed to Archimedes); and all the great 
mathematicians of the seventeenth and eighteenth centuries, however 
recklessly they may seem to have manipulated series, knew well enough 
whether the series which they used were convergent. But it was not 
until the time of Cauchy that the definitions were formulated generally 
and explicitly. 

Newton and Leibniz, the first mathematicians to use infinite series 
systematically, had little temptation to use divergent series (though 
‘Leibniz played with them occasionally). The temptation became 
greater as analysis widened, and it was soon found that they were 
useful, and that operations performed on them uncritically often led 
to important results which could be verified independently. We give 
a few simple examples in the next section; in Ch. II we shall give others, 


of greater importance, from the work of the classical analysts. 
4780 B 


2 INTRODUCTION [Chap. I 


1.2. Some calculations with divergent series. We know that 

(1.2.1) pg? es ς 
|  Il~a 

if |x| <1. It seems plain that, if we are to attribute a ‘sum’, in some 
sense, to the series for other z, this sum should be formally the same. 
For (i) it would be very inconvenient if the formula varied in different 
cases; (ii) we should expect the sum s to satisfy the equations 

8 ΞΞ 14+a+2?+273+... = 1+a(1+4+27+...) = 1+28; 
and (ili) the left-hand side of (1.2.1) is the result of performing the 
division implied by the right, so that there is certainly one sense of ‘=’ 
with which (1.2.1) may be said to be true for all 2. 

(1) Let us assume then that (1.2.1) is, in some sense, true for all x 
(except perhaps for x = 1, which plainly presents special difficulties), 
and operate on the formula in an entirely uncritical spirit. 

Putting 2 = εἴθ. where 0 < θ < 2m (so that x ~ 1), we obtain 
(1.2.2) 1- εἶθ. e294) — (1—et#)-1 = 14 1 cot 48, 
and so 
(1.2.3) $-+-cos θ- 608 20+... = 0, (1.2.4) sin?+sin 26+... = cot 10, 
for 0 <6 < 27. Changing θ into 0+-7, we obtain. 


(1.2.5) $—cos 6+-cos 20—... = 0, (1.2.6) sin6—sin 26+... = }tan 40, 
for —7 <O0<7. For # = 0, (1.2.5) gives 
(1.2.7) eee 8 


(2) We now differentiate (1.2.5) and (1.2.6) repeatedly with respect 
to 0. We thus obtain 


(1.2.8) Σ (—1)"-1n**cosn8 = 0 (k = 1,2,...; —17 « θ «: η), 
1 
(1.2.9) >) (—1)"-1n7*+1 sin ηθ = 0, 
I 
ἊΝ 2k 
(1.2.10) Σ (τ 1)0-πηβα οἴη nd = ἘΠ ktan 46, 


1.2.11 Σ 1). 1} }ἘῚ θ 1)* 7 aie 6 
(2.1) ¥(—1-tnt¥te08no = (—1(G) pean ds, 


the last three formulae for k = 0, 1,..., —7 <<@0< 7. In particular, 
putting θ = 0 in (1.2.8) and (1.2.11), and θ = ἐπ in (1.2.9), and re- 
membering that the Taylor’s series for 4 tan,36 is 

| Ὁ D242] 


4tan 40 = -- 
os 
— (2k-+-2)! 


2k+41 
By 418 τὴ ; 


1.2] INTRODUCTION 3 


where B, is Bernoulli’s number, we obtain 


(1.2.12) 12. 92k 4 32k, == 0 (k = 1,2.,...), 

(1.2.13)  [2*+1_Q2k+14. | = (—1)* LS Bes: Ue 0,108); 

(1.2.14) [2k+1_g2k+14 5241 -0. (k = 0,1.,...). 
Similarly, starting from 

(1.2.15) εἶθ. e304 9510 __ = ose — 4sec), 


and remembering that 


sec @ = + a ἘΠ τὰς 


where £, is Euler’s number, we obtain (1.2.14) and also 


(1.2.16) 13. 825. 52 4(_1)*B,  (k = 1,2....). 
We observe in passing that (1.2.13), for k = 0, is 
(1.2.17) (9453244. 4, 


which is also the result of squaring (1.2.7) by Cauchy’s rule 
(1—1+-1—...)(1—1-+-1—...) = 1.1—(1.141.1)+(1.141.1+41.1)—.... 


(3) If we integrate (1.2.5) from @ = 0 to θ = ¢, and then write θ 
again for ¢, we obtain 


(1.2.18) sindé—4sin 20+4sin36—...= 40 (--π <0< 7). 


This series is convergent. A second integration gives 


cos29 . 1—cos 38 
(1.2.19) 1—cos 0—-—7 See a . == 40, 
Here we may include the limits,f and @ = 7 gives 
] ] 
(1.2.20) l+atit ... Ξ-- dn”. 
Since 
1 1 ] ] ] ] 1 ] ] 
ltotgat.=lytgt- gogo Ξ (\—F(It+ tat), 
we deduce | 
1 1 9 11 133 
(1.2.21) ἜΡΓ Τ ... Ξ-- ἀπ ; (1.2.22) τ ταν τσ ΞΞΞ 157 ’ 
and so 


cos 26 608 36 = 1πϑ--105 (--πεθ < 7). 


(1.2.23) cos@— 53 +- :Ξ “πὴ 


{ The series being uniformly convergent for all @. 
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Further integrations lead to the summation of δ᾽ (—1)"-1n-** cos n6 
and > (—1)"-1n-**-1 gin n@ by means of the Bernoullian functions. 

(4) Alternatively, we could, by a more daring calculation, deduce 
(1.2.19) from (1.2.7) and (1.2.12), arguing that 


δι τ γγι- 41 0. = —1)k (n6)Pk+? 
(2k+-2)! 


1 n=1 


= γὰ κ- 
= -> ( ΠΝ > (—1)"-n = 462(1—1++1—...) = 202, 


Indeed we could generalize this argument. Suppose that 
f(@) = Gp ta, 6?+a, 64+-... 
is convergent for all 6. Then the argument suggests that 


(1.2.24) 


x (—1)- LO) ere at a,(n6)2 = > a, 02 Σ 1)5-12.-8 
διε γεδεθ.. $US Σ 


a oe 
= aul se —...) τα, g2(1—1-41—...) = ap7?-+ 4a, 0. 


This is plainly not true generally; for example, it is false when 
f(0) = e~®: but it is true for quite extensive classes of functions. Thus, 
if f(0) is the Bessel function 
Q2 

J,(8) --- ] —pat 5a ge π...} 
it gives 
ee Jo(38 
(1.2.25) Jo(0)— ot) Ἐπ De 
(5) From (1.2.4) we deduce 


sind 
; cos 9—cos φ᾽ 


Σ cos nésinnd = L{cot 1(6-+6)-+cot } L(p—O)} = 
1 


and so 


cosmO—cosm¢ _ — sin nd 
i ον Pag cos n6(cos m8—cos mg) 


cos 0—cos ¢ sin ᾧ 


for any positive integral m. If we integrate this equation from θ᾽ = 0 
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to 0 = 7 (ignoring any difficulties about the range of θ over which it may 
be expected to be validt), we obtain 


τ 
| cosm@—cosmd 3, __ on mod 


1.2.26 ' dd = 1 —— , 
( ) cos θ---ΟΟΒ5 ¢ sind 


which may be verified in various ways. 
(6) It follows from (1.2.4) and (1.2.6) that 


sin #-+sin 30+... = dcosec 9, sin 26-+-sin 40-++... = 4 coté. 
If we multiply these equations by 6, integrate from 6 = 0 to θ = ἐπ, 
and observe that 


ἐπ δπ 
; (—1)” : 7 
= -“--τττιττστττ------ .Ξ--Ξ τες | n-1 “Ὁ 
eeears? ἀθ Ὡς τὴ — 2ηθ dd = (--1)να Ὁ, 
we obtain 
ἐπ 
θ 1.1 
(1.2.27) sin 6 4θ — a1 5; a): 
: | 
$7 
(1.2.28) [ θοοῦθ dé = 4rlog2. 
0 


These formulae also may be verified independently. 


1.3. First definitions. The results of the formal calculations of 
§ 1.2 are correct wherever they can be checked: thus all of the formulae 
(1.2.18)—(1.2.23), (1.2.25), and (1.2.26)—(1.2.28) are correct. It is natural 
to suppose that the other formulae will prove to be correct, and our 
transformations justifiable, if they are interpreted appropriately. We 
should then be able to regard the transformations as shorthand repre- 
sentations of more complex processes justifiable by the ordinary canons 
of analysis. It is plain that the first step towards such an interpreta- 
tion must be some definition, or definitions, of the ‘sum’ of an infinite 
series, more widely applicable than the classical definition of Cauchy. 

This remark is trivial now: it does not occur to a modern mathe- 
matician that a collection of mathematical symbols should have a 
‘meaning’ until one has been assigned to it by definition. It was not 
a triviality even to the greatest mathematicians of the eighteenth 
century. They had not the habit of definition: it was not natural to 


+ We have to expect trouble with (1.2.4) for θ = 0 or @ = 27, since the left-hand side 
vanishes identically and the right-hand side has an infinity, and here for values of @ 
for which cos 6 = cos ¢. But it is not unreasonable to suppose that these difficulties 
will disappear when we multiply by the factor cos m@—cos m@¢; and the result seems to 
justify our expectation. 
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them to say, in so many words, ‘by X we mean Y’. There are reservations 
to be made, to which we shall return in §§ 1.6—7; but it is broadly true 
to say that mathematicians before Cauchy asked not ‘How shall we define 
1—1-+1—...?’ but ‘What 7s 1—1-+1—...?’, and that this habit of mind 
led them into unnecessary perplexities and controversies which were 
often really verbal. 

It is easy now to pick out one cause which aggravated this tendency, 
and made it harder for the older analysts to take the modern, more 
‘conventional’, view. It generally seems that there is only one sum 
which it is ‘reasonable’ to assign to a divergent series: thus all ‘natural’ 
calculations with the series (1.1.1) seem to point to the conclusion that 
its sum should be taken to be 4. We can devise arguments leading to 
a different value,t but it always seems as if, when we use them, we are 
somehow ‘not playing the game’. 

The reason for this is fairly obvious. The simplest argument for 
(1.2.7) is ‘s = 1—1+1—... = 1—(1—1+1—...) = 1—s, and so s = Κ᾽: 
we thus obtain the value 4, whatever our definition, provided only 
that it satisfies certain very natural conditions. 

Let us suppose, for example, that we have given any definition of 
the sum of a series which satisfies the following axioms: 


(A) if dSa,=s then Ska, = ks; 
(B) if Sa,=s and Yb, τοί, then > (a,+6,) = s+t; 
(C) tf ajpta,ta.t...=s then a,+a,+05+... = 8:--0, and con- 


versely. 
Actually, all definitions which we shall use satisfy (4) and (B), and 
most, though not all, satisfy (C). Then, if 1—1+1—... = 8, we have 


s= ]—]+...= 14 (—141-...) = 1—(1—1+...) = 1—s: 

here we have used only (A) and (C). Similarly, if 1—2+3—4-+... = 8, 
we have 

s = 1—-243—.,. = 14+(—243—44...) = 1--(2--8-4--..} 

ees (io oe) Se, 

and so 8 = 5, in agreement with (1.2.17). Here we have used all of 
(A), (B), and (ΟἹ. 

We pick out here four of the large number of useful definitions which 


we shall have occasion to use later. We shall make systematic use of 
the following notations. If we define the sum of > a,, in some new 


+ See § 1.6(2). 
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sense, say the ‘Pickwickian’ sense, as s, we shall say that >a, is 
summable (P), call s the P sum of Σ᾽ a,, and write 


Ya, =s (P). 
We shall also say that s is the P limit of the partial sum s,, and write 
8, > 8 (P). 
Our choice of letters to be associated with different definitions will be 
determined mainly by convenience, but sometimes also by historical 
considerations. 
(1) Ifs, = a )+a,+...+a, and 
(1.3.1) πὰ a Le ὃ 
nN-~->0O n+1 . 
then we call 8 the (C,1) sum of > a, and the (C, 1) limit of s,,. 
(2) If > a, x” is convergent for 0 < x < 1 (and so for all x, real or 
complex, with |x| < 1), f(z) is its sum, and 


(1.3.2) lim f(x) = 8, 


z—>1—-0 
then we call 8 the A sum of > a,,. 

(3) If > a," is convergent for small x, and defines a function f(x) of 
the complex variable x, one-valued and regular in an open and connected 
region containing the origin and the point x = 1; and f(1) = s; then 
we call s the € sum of }'a,. The value of s may naturally depend on 
the region chosen. 

(4) Our fourth definition requires a little more explanation. Suppose 
that the series > a,x" converges for small xz, and that 


εἰς τοῦ ΞΘῈΤ ΩΝ 
(1.3.3) = Ty y Ἔτη, 
so that y = } corresponds to x = 1. Then, for small z and y, we have 
yp 
x f(x) a, 7° a 
Fe) a “1.5 sr ‘i igpt Tp yt 
oa pimst — [ ἣν nt, 
---- Ψ = 

~SaSftitjens-So 5 (2) 


Inverting the order of summation, we find that 


c n oO n oO 
f(a) = Σ yrtl >, “ΠΣ a > yntl = ("\a, τι 2 δ, yntt, 


for small y, where 


(1.3.4) by =, ὃ, = tot (taut (5 tart +a. 
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If the y-series is convergent for y = 4, to sum s, ie. if 


(1.3.5) ἐδ. +4),+$b,4... = > 2-"-1b, = 8, 
then we call 8 the (HE, 1) sum of } a,. 


The letters © and E both stand for Euler, A for Abel, and C for Ceséro. The 
reasons for these choices, and for the figures in (C, 1) and (E, 1), will appear later. 
The ‘(C, 1)’ definition was used by D. Bernoulli in 1771, but only in the special 
case when the series is a periodic oscillating series, i.e. when @,,, = @, for a fixed 


pee Agta,+...+4p_1 = 0. 

It had been applied to the special series (1.1.1) by Leibniz as early as 1713. But 
neither Leibniz nor Bernoulli said in so many words that they were giving a 
definition. In modern times it was used implicitly by Frobenius and Hélder in 
1880 and 1882; but it does not seem to have been stated formally as a definition 
until 1890, when Cesaro published a paper on the multiplication of series in which, 
for the first time, a ‘theory of divergent series’ is formulated explicitly. *‘Lorsque 
8,» sans tendre vers une limite, admet une valeur moyenne s finie et déterminée 
[1.6. when (1.3.1) is true] nous dirons que la série a,+a,+a,+... est simplement 
indéterminée, et nous conviendrons de dire que s est la somme de la série.’ Cesaro 
goes on to consider series ‘r-fois indéterminées’, and proves ἃ general theorem ft 
which will be prominent in Ch. X. Cesaro’s paper has become famous, and his 
language now seems almost absurdly modest: ‘il résulte de l& une classification 
des séries indéterminées, qui est sans doute incomplete et pas assez naturelle .. .’ 
In fact his classification is entirely natural. 

The ‘A’ definition is sometimes called the ‘P’ definition, after Poisson, who 
used it, in effect, for the summation of Fourier series. It also can be traced 
through Euler back to Leibniz. The justification for the ‘A’, which is usual with 
English writers, lies in Abel’s theorem on the continuity of power series, which 
establishes the ‘regularity’ (§ 1.4) of the method, and will be proved, as a special 
case of a much more general theorem, in Ch. IV. 

The & method embodies, in modern language, Euler’s famous principle ‘summa 
cujusque seriei est valor expressionis illius finitae, ex cujus evolutione illa series 
oritur’. We shall have more to say about this in δὲ 1.6—7: for the moment we 
observe only that Euler was obviously thinking in terms of power series, and that 
no mathematician of his period could possibly have expressed himself on such 8 
subject without very serious ambiguity. 

Finally the ‘(E, 1)’ method is derived from ‘Euler’s transformation’, which was 
primarily a weapon for transforming slowly convergent into rapidly convergent 
series, but which he applied to divergent series also. 


It is plain that all these methods satisfy our axiomatic requirements © 
(A) and (B), and it is easy to verify that the first three also satisfy (C), 
provided that the © method is associated with a definite region of 
continuation. We denote the partial sums of a)+a,+a,+... and 
a,+a,-+a3,+... by s, and t,, so that t, = 8,4,;—@); and write 

f,() = a,+4,2-+032?+..., 


so that xf,(x) = f(x)—ap. 
+ Theorem 41, 
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(1) Ifa,+a,+a,+... is summable (C, 1) to 8, then 
to tty +...tt, a ἘΈΡ τς ΕΘ a, 


n+1 ~ atl 


so that a,+a,+... is summable (C, 1) to s—dp, 

(2) Ifa +a,-+... is summable (A) to 8, then 

fila) = x-{ f(w)—ap} > 8—4p, 
and a,-+a,+... is summable (A) to s—dp. 

(3) If f(x) is one-valued and regular in a region including 0 and 1, 
and f(1) = 86, then f,(x) is also one-valued and regular in the region, 
and f,(1) = s—p. 

Thus the direct statement in (C) is true of each of the three methods, 
and the arguments are plainly reversible. It is less obvious that the 
(E, 1) method satisfies (C), and we postpone the proof to § 8.3. If we 
take this for granted for the moment, then it becomes plain that all 
four methods, if they sum (1.1.1), must give the sum 4. It is easy to 
verify this directly, since s, is 1 for even and 0 for odd n, so that 
Sots +...t8, 18 1(n+2) or $(n+1); since f(x) = (1+2)-*; and since 
by) = 1 and b, = 0 forn > 0. 

We shall see later (or the reader may verify as an exercise) that all 
four methods also yield the equations (1.2.2)—(1.2.7), and that the last 
three yield all of (1.2.8)—(1.2.17). The (Ὁ, 1) method fails with (1.2.17), 
since the values of s, are 1, —1, 2, —2, 3,... and 8+8,+...+Sy is 
3(n-+2) for even and 0 for odd n. It will be observed that in this case 
a repetition of the averaging process would give the limit }. | 

Methods (1), (2), and (4) give co as the sum of (1.1.5): in the last case 
b, = 1, ὃ, = 2, ὃς = 4,..., so that the series (1.3.5) is $+4+43+-.... 
Method (3) is inapplicable, since f(z) = (1—x)-1 is not regular at x = 1. 

Methods (1) and (2) fail for (1.1.3): the values of s, are 1, —1, 3, —5, 
11,...; and ¥ a,,2” is not convergent when x > 3. Method (3) gives the 
sum 4. In method (4), 6, = (1—2)" = (—1)", and so 

ἐδ. +40,+3524+... = 1--1-ἰ--... = 4; 
so that this method also gives 4. This is plainly the ‘right’ sum, since 
it satisfies s = 1—2s. 

It is also instructive to consider (1.1.6). Here method (1) gives oo. 
Method (2) is inapplicable for the same reason as in the last paragraph. 
Method (3) gives (I—2.1)-1 = —1. Finally, with method (4), we have 
b,, = (14+2)" = 3°, 


Boyt B + Bb t= E+E tH + 


NS NE 
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which diverges to οὐ, so that the method gives oo. It will be observed 
that in this case there are two suggested ‘sums’, viz. co and —1, and 
that the second has an air of paradox, since it dea not seem natural 
to attribute a negative sum to a series of positive terms. 


1.4, Regularity of a method. It is easy to state in general terms 
some of the qualities required for a useful method of summation of 
divergent series. It should be simple, as, for example, the first two 
methods of §1.3 are simple; and it should be reasonably general, in the 
sense of being applicable to a good variety of important series. There 
is another requirement which can be ‘stated more exactly, that of 
consistency or regularity. 

A method will be said to be regular if it sums every convergent series 
to its ordinary sum. Thus the (Ὁ, 1) and A methods are regular, since 
> a, = s implies both 


ΓΕ Sg +8,+.. δος 
ὦ n+1 


and f(x) = >} a,x" > 8, the first by a well-known theorem of Cauchy, 
the second by Abel’s theorem on power series. 

These methods are regular in an extended sense. If a, is real and 
8, > 00 (for example, if > a, is a divergent series of positive terms), 
then δ᾽, oo, and the (C, 1) method gives s =o. For the A method 
there are two possibilities. Either > a, 2” diverges for some x = x, < 1, 
in which case it necessarily diverges to οὐ in the interval (a), 1), and 
f(x) = 00 in such an interval; or > a,x” converges for 0 <x <1, in 
which case f(x) > 0o when ὦ - 1. In either case we can say that the 
A method gives s = oo. When a regular method has this additional 
property, we shall say that it is totally regular. We shall see (§§ 3.6 and 
4.6) that the (E, 1) method is also totally regular. It is obvious that the 
€ method is not totally regular, since it sums 1-+2-++4+8-+... to —1. 
In fact it is not even regular, since f(x) need not be regular at x = 1 
when > a, converges. 


1.5. Divergent integrals and generalized limits of functions of 
a continuous variable. It is natural to give similar definitions apply- 
ing to functions of a continuous variable x. Suppose that a(t) is 
integrable in every finite interval (0,4), that 


x 


s(x) = [ a(t) dt, 
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and that we have given some ‘Pickwickian’ definition of the limit 8 of 
s(x) when a -> οὐ, or, what is the same thing, of 
{ a(x) dx. 
0 
Then we shall say that a(x) is P integrable in (0,00), that s(x) has the 
P limit s, that s(x) > 8 (P), and that 
[ α(α) dx Ξξ 8 (P). 
0 
Thus the definitions corresponding to the first three οὗ §1.3 are as 
follows. 
(1) If 


oH 
(1.5.1) =| s(t) dt > 8 
J 3 
or, what is the same thing, if 


: (x—t)a(t) dt > 8, 
0 


we shall say that 


οο 


(1.5.2) { a(x) dx = 85 (C,1). 
(2) 1 | 
(1.5.3) f(w) = | ea (x) dx 


0 
is convergent for w > 0, and f(w) > s when w > -+-0, we shall say that 


(1.5.4) { a(z) dx = 8 (A). 
0 
(3) If there is a function f(w) of the complex variable w, defined by 
(1.5.3) for large positive w, and one-valued and regular in an open and 
connected region containing the origin and the distant part of the | 
positive real axis; and if f(0) = 8; then we shall say that 
(1.5.5) { a(x) dz = s (G).t 
0 
We can modify all these definitions, if we please, by a change in the 
lower limit. There is no useful analogue of the (Εἰ, 1) definition. 


t+ The definition does not correspond exactly to the ‘©’ definition of ὃ 1.3, since f(w) 
will not usually be regular at infinity. 
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Thus if a(x) = e™*, where m > 0, we have 


s(x) = © (emia, : | s(t) dt = 


0 


so that 


(1.5.6) [ οἴπΐα dy — τ, { cosmx dx = 0, [ sin maz dx = 
0 


0 e 


Sj 


0 


all (C, 1); and Ϊ e-(w-mile Jar — 


0 


. =— res 
w—mMe ἢν 


3 


so that the A and € methods give the-same results. Also 
s(x) = im-\(1—e™*) > im (P), 
so that 


(1.5.7) emix _» (), cos maz —> 0, sinmx -> 0 (P), 


where P may be (C,1), A, or © We have thus defined various senses 
in which ‘cosoo = 0 and sinco = 0’. 


It will be observed that 


e 
1 { cos? 1 βη 1 
a . ,mtdt = = >= 
x i sin? 2 =: 4ma 2” 
0 
so that cos?max —> 4, sin?'ma - ἃ (Ὁ, 1); 


and it is easy to show that the A and © methods give the same limits. It is not 
to be expected that the P limit of the square of a function should usually be the 
square of its P limit. 


We add some examples of formal calculations with integrals analogous 
to those of §1.2. All the integrations are over (0,00). Differentiation 
of (1.5.6) with respect to m gives 


(1.5.8) | = cosmxz dx = 0, (eee sin maz dx = 0, 
2p)! 
(1.5.9) { xP sin mx dx = (—1)? ae 
2 ! 
| a+ cos ma da == (—1)P* ve am Ri 


If f(x) = Ap+a,2?+a,x4+..., 
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and we integrate term by term, then we obtain 
(1.5.10) | d(x)cos mx da = ay | cos mx dx +d, | a2 cosmx dx +-... = 0, 


2 A 2a, , Ata, 
(1.5.11) { ¢(2)sin mx dx = a, { sin me dx +... = a ea 


As is to be expected, these formulae are sometimes correct and some- 
times not. Thus if d(z) = γί“) they are 


| Jo(e)eos mx dx = 0, | J(x)sin mx dx = . 1 


11 
τ" απ ἠ0ηξΞ- ἢ’ 
and they are correct when m > 1. But they are false when m < 1, 
and (1.5.10) is obviously false when φ(α) = e~™. 


1.6. Some historical remarks. In the next chapter we shall give 
substantial examples of the use of divergent series by Euler and other 
early analysts. It will be convenient to lead up to them by a few more 
miscellaneous remarks. 

(1) The earliest analysts were, on the whole, rather severely ‘ortho- 
dox’: their work had the arithmetical spirit of that of the Greeks. What 
is lacking in the work of Cavalieri, Wallis, Brouncker, Gregory (who 
first used the word ‘convergent’), and Mercator is not rigour but 
technique. In particular they were handicapped by the lack of service- 
able criteria for convergence. Newton was the first analyst who was 
the master of a really powerful technique: he regarded infinite series 
primarily as a tool for quadratures, and there was so much for him to 
do in this field that the rewards of orthodoxy were sufficient. He was 
no doubt aware that many of his formulae could be interpreted in 
different senses, for example, that 


(1.6.1) ΓΘ) = Ata, x+a,x?-+..., 


where f and g are polynomials, could be interpreted either in the 
arithmetical sense which demands convergence or in the algebraical 
sense in which it means that 


(1.6.2) f(@)—(@p +a, 2+... fa, 2”")9(2) 
is divisible by x"+1 for every value of n. | 
(2) Thus there is little about divergent series before Euler except in 
certain passages in the correspondence of Leibniz and the Bernoullis; 
and the impression which these leave is that Leibniz missed a great 
opportunity. He was on the track of at least one of the standard 
definitions, but gave way to the temptation of seasoning the discussion 
with metaphysics. The sum of 1—1+1—... is to be 4 on grounds of 
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‘probability’: “porro hoc argumentandi genus, etsi Metaphysicum magis 
quam Mathematicum videatur, tamen firmum est: et alioqui Canonum 
Verae Metaphysicae major est usus in Mathesi, in Analysi, in ipsa 
Geometria, quam vulgo putatur.’ Such language from so great a > 
mathematician invited confusion in weaker minds;f and Leibniz’s ‘lex 
continuitatis’, ‘unde fit, ut in continuis extremum exclusivum tractari 
possit ut inclusivum’—the principle, so often appealed to by the British 
mathematicians of the early nineteenth century, that ‘what is true up 
to the limit is true at the limit’—was still more unfortunate. It was 
nearly 100 years later when Lagrange (referring to an observation of 
Callet which we shall quote in a moment) remarked that ‘les géométres 
doivent savoir gré au cit. Callet d’avoir appelé leur attention sur 
l’espéce de paradoxe que présentent les séries dont il s’agit, et d’avoir 
cherché & les prémunir contre |’application des raisonnements méta- 
physiques aux questions qui, n’étant que de pure analyse, ne peuvent 
étre décidées que par les premiers principes et les régles fondamentales 
du calcul’. 

Callet’s remark refers to Euler’s principle ‘summa cujusque seriel. . .’, 
which we quoted in § 1.3, and which was the subject of a correspondence 
between Euler and N. Bernoulli in 1743. Bernoulli had objected that 
the same series might ‘arise’ from two different ‘expressions’ which 
yielded different values, and Euler had committed himself to the 
assertion that this could not happen. Writing to Goldbach in 1745, he 
says ‘ Dariiber hat er zwar kein Exempel gegeben, ich glaube aber gewiss 
zu sein, dass nimmer eben dieselbe series aus der Evolution zweier 
wirklich verschiedenen expressionum finitorum entstehen konne’. 
Callet, forty or fifty years later, observed that 1—1-+1—... arises, when 
we put ὦ = 1, not only from (1-++x)-! = 1—x+2?—..., but also from 
(1.6.3) 1+a+...pa"7 :: 1---αἷὸ 

I+a+...ta"-1 ]—a” 
for any m <n, and that Euler’s principle might thus be made to give 
any sum m/n for 1—1-+1—.... 

The explanation is fairly obvious (and was given by Lagrange him- 
self). The series (1.6.3), considered as ἃ power series, has gaps: thus 
when m = 2,” = 3, itis 

1+-0.7—1.2?+1.23+0.24—1.25+...; 
Euler’s principle does not assign the sum § to 1—1+1—... but to 
1+0—1+1+0—1+...; and there is no ὦ priori reason for expecting 


= 1—y™+4r— rtm gen... 


+ Even Euler appealed to metaphysics when he could think of nothing better—‘per 
rationes metaphysicas . . . quibus in analysi acquiescere queamus’. 


1.6] INTRODUCTION 15 


the two series to have the same sum. And, in fact, Euler’s assertion, 
when properly interpreted, is correct, since a convergent power series 
has ἃ unique generating function. 

It is ἃ mistake to think of Euler as a ‘loose’ mathematician, though 
his language may sometimes seem loose to modern ears; and even his 
language sometimes suggests a point of view far in advance of the 
general ideas of his time. Thus, in the very passage in which he 
formulates his principle, he refers to the series (1.1.4). The principle, 
as we formulated it in § 1.3, does not apply to this series, since 
1—1!z+-2!22— 3!23+... is not convergent for any x but 0. Even so, 
says Euler, ‘ich glaube, dass jede series einen bestimmten Wert haben 
miisse. Um aber allen Schwierigkeiten, welche dagegen gemacht 
worden, zu begegnen, so sollte dieser Wert nicht mit dem Namen der 
Summe belegt werden, weil man mit diesem Wort gemeiniglich einen 
solchen Begriff zu verkniipfen pflegt, als wenn die Summe durch eine 
wirkliche Summierung herausgebracht wiirde: welche Idee bei den 
seriebus divergentibus nicht stattfindet. ...’ This is language which 
might almost have been used by Cesaro or Borel. And in another place, 
referring more generally to the controversies excited by the use of 
divergent series, he suggests that they are largely verbal: ‘quemad- 
modum autem iste dissensus realis videatur, tamen neutra pars ab 
altera ullius erroris argui potest, quoties in analysi hujusmodi serierum 
usus occurrit: quod gravi argumento esse debet, neutram partem in 
errore versari, sed totum dissidium in solis verbis esse positum.’ Here, 
as elsewhere, Euler was substantially right. The puzzles of the time 
about divergent series arose mostly, not from any particular mystery 
in divergent series as such, but from disinclination to give formal 
definitions and from the inadequacy of the current theory of functions. 
It is impossible to state Euler’s principle accurately without clear ideas 
about functions of a complex variable and analytic continuation. 

(3) It is essential to remember that Euler was thinking of power 
series; aS soon as we admit other kinds of development, all sorts of 
difficulties appear. Thus . 

(1l—2x)-1 = 1+-2x-+- 4x?-+- 823+... 


gives 1+2+4+8+4... = —1; 
and (1.2.1) gives (the complex) oo as the sum of 1+1+1+4.... But 
2 2 4 8 
ev] wtitawtit wit (y > OF 
{ This is a corollary of = ee 5 
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gives 1+-2-+4+8-+... = 00 
for y = 0, and 
ζ(9) = 1-42-84+3-8-+4... (s > 1) 

gives 1+1+1+... = ζ(0) = —4 
for s = 0. On the other hand, 

a+ (2a?—x)-+ (323 —2x*)+- (4a4—323)+... = 0 
and at (3a?—x)-+ (Ta*—3x?)-+ (15a8— Ta*)+... = 0 
for 0 < x < 1, and these give 
| 1+1+1+... ΞΞ 0, 14+2+4+...=—0 
for x = 1. 

There are also difficulties, even for power series, with many-valued 

functions. It is natural to say that 


2_ 448 -- log(1+2) = log3, 
since log 3 is the value of log(1+-~) when x moves to 2 in the obvious 
way. But we might also argue that 


214184. — log(1—2)-? = log(—1) = (2k+1)z1, 
and here πὶ and —7zi seem equally natural values (though either has 
an air of paradox). 


The following example might have puzzled Euler. The series 
: 2x \ a 2x ᾽ 
nee) I+5 1- 2? 124 1+2? + 
is convergent for small and also for large z, but to different sums, viz. 
(1+<2?)/(1—2?), (a? -++-1)/(~?—1) 
respectively. If x = 2% we obtain 
1 16 ,1.3(16) 
“29. '2.4\9 
Which sign shall we choose? 

(4) It is interesting in this connexion to look at a transformation of the 
geometric series which is due to Goldbach and which may be regarded as an 
eighteenth-century essay in ‘analytic continuation’. We have simplified and 
generalized Goldbach’s actual analysis. 

The idea is to transform 1—x-+2?—..., by formal multiplication by a series of 


the type 1+.A,—A,+A,—A,_t+... = 1, 


into a series of negative powers of y = az+b. We write A, = a, y” and arrange 
the product as 


1 —.. == + 


ale 
.Φ 


1 --Οα x — x 
- - - 3,,-- -1 3,,-ἀ 
αὐ ἢ παν tory = a zy +a αὐ — Oy WY? — αι TY" ve 
2 Ξι 
ogy” ΟΠ ππαρϑ —agry*® — ag YP argv? 


as y 8 — a3 y3— ag ον ἢ 
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If now we take a, = (b—a)"—(a—y), then it will be foundt that C,, the sum of 
the nth column, is a(b—a)"—!y—", and we obtain 


l—x+a?—a3+... = ay-1+a(b—a)y2+a(b—a)*y?+..., 


which is the expansion required. The first series is convergent for [z| < 1, the 
second for |az+6| > |b—a|. If, for example, ὃ > a > 0, then the second region 
includes the first. Since both series are convergent, and the transformation valid, 
for [9] < 1, the second series gives the continuation of the first. 


(5) Mathematics after Euler moved slowly but steadily towards the 
orthodoxy ultimately imposed on it by Cauchy, Abel, and their suc- 
cessors, and divergent series were gradually banished from analysis, to 
reappear only in quite modern times. They had always had their 
opponents, such as d’Alembert,t Laplace,§ and (in his later days) 
Lagrange: after Cauchy, the opposition seemed definitely to have won. 

The analysts who used divergent series most, after Euler, were Fourier 
and Poisson (who was almost Cauchy’s contemporary). We shall see 
specimens of their work in Chs. II and XIII. The most impor- 
tant for us here is Poisson, since he so nearly formulated definition 
(2) of §1.3. Poisson, in effect, defines the sum of the trigonometrical 


acd da)+ > (a, cosn0+b, sin n6) 
as the limit when 7 -» 1 of the associated power series 
tao+ > (a, cosn6-+-b, sin n@)r”. 


Thus, speaking of the series (1.1.9), he says ‘cette série n’est ni con- 
vergente ni divergente|| et ce n’est qu’en la considérant ainsi que nous 
le faisons comme la limite d’une série convergente, qu’elle peut avoir 
une valeur déterminée. ... Nous admettrons avec Euler que les sommes 
de ces séries considérées en elles-méme n’ont pas de valeurs déterminées; 
mais nous ajouterons que chacune d’elles a une valeur unique et qu’on 
peut les employer dans 1’analyse, lorsqu’on les regarde comme les limites 
des séries convergentes, c’est ἃ dire quand on suppose implicitement 
leurs termes successifs multipliés par les puissances d’une fraction infini- 
ment peu différente de l’unité.’ This is practically the ‘A’ definition, 
but we must not exaggerate the clarity of Poisson’s views. His ideas 


+ By induction from C, = —2Cyy—miay "tony: 
¢ ‘Pour moi j’avoue que tous les raisonnements et les calculs fondés sur des séries qui 
ne sont pas convergentes . . . me paraitront toujours trés suspects, méme quand les 


résultats de ces raisonnements s’accorderaient avec des vérités connues d’ailleurs.’ 
§ ‘Je mets encore au rang des illusions l’application que Leibniz et Dan. Bernoulli 
ont faite du calcul des probabilités . . . (to the summation of such series as 1—1+1—...).’ 
|| He means, of course, ‘properly divergent’ to οὐ or —oo. 
4780 ς 
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about repeated limits are often by no means clear: thus he writes 
Fourier’s theorem as 


f(z) = ΕΣ fs dt + 5 { [> cos n(t—a)}f(0 dt, 


—T 


when, of course, he means 


1 


5 { roast [ conn(e—afty dt. 


- τ 


1.7. A note on the British analysts of the early nineteenth century. 
We end this chapter with a few remarks about British work on these subjects 
during the years 1840-50, which has been analysed very carefully by Burkhardt 
in the article from which we have quoted. It was a long time before the writings 
of the great continental analysts were understood in England, and these British 
writings show a singular and often entertaining mixture of occasional shrewd- 
ness and fundamental incompetence. 

(1) The dominant school was that of the Cambridge ‘symbolists’, Woodhouse, 
Peacock, D. F. Gregory, and others. They represented what may be described 
as the ‘f(D)’ school of analysis. They started from ‘algebra’, and had something 
of the spirit, though nothing of the accuracy, of the modern abstract algebraists. 
They dealt in ‘general symbols’, on which operations were to be performed in 
accordance with certain laws: ‘the symbols are unlimited, both in value and in 
representation; the operations upon them, whatever they may be, are possible 
in all cases; ...’ But the foundations of their symbolism were both inelastic 
and inaccurate. They insisted on a parallelism between ‘arithmetical’ and ‘general’ 
algebra so rigid that, if it could be maintained, it would effectively destroy the 
generality; and they never seem to have realized fully that a formula true with 
one interpretation of its symbols is quite likely to be false with another. They 
were also very much at the mercy of catchwords like ‘what is true up to the 
limit .. .’, and it is not surprising that their permanent contribution to analysis 
should have been negligible. 

Occasionally, however, they arrived at formulae which are still worth examining. 
Thus Gregory’s formulae 


(1.7.1) Ed etn) 2:6, (1.7.2) SY (HU etn) —0, 
(1.7.3) > len) gen) = $'@) 
1 


are true, or true with modifications, when interpreted properly, for interesting 
classes of functions. 

(2) There is one volume of the Transactions of the Cambridge Philosophical 
Society (vol. 8, published in 1849 and covering the period 1844—9) which contains 
@ very singular mixture of analytical papers and gives a particularly good picture 
of the British analysis of the time. It contains Stokes’s famous paper ‘On the 
critical values of the sums of periodic series’, in which ‘uniform convergence’ 
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appears first in print; papers by S. Earnshaw and J. R. Young which are little 
more than nonsense; and a long and interesting paper by de Morgan on divergent 
series, a remarkable mixture of acuteness and confusion. 

De Morgan, as Burkhardt recognizes, was no ‘blosser Algorithmiker’ like 
Peacock. He was a prolific and ingenious writer, both on logic and on mathe- 
matics; he invented the ‘logarithmic scale’ of convergence criteria; and his 
Differential and integral calculus, which is the best of the early English text-books 
on the calculus, contains much that is still interesting to read and difficult to find 
in any other book. In this paper he attempts a reasoned statement of his attitude 
to divergent series, ‘the only subject yet remaining, of an elementary character, 
on which serious schism exists among mathematicians as to absolute correctness 
or incorrectness of results’. He talks much excellent sense, but the habits of the 
time are too strong for him: logician though he is, he cannot, or will not, give 
definitions. 

‘The moderns’, he says, ‘seem to me to have made a similar confusion in regard 
to their rejection of divergent series; meaning sometimes that they cannot safely 
be used under existing ideas as to their meaning and origin, sometimes that the 
mere idea of anyone applying them at all, under any circumstances, is an absurdity. 
We must admit that many series are such as we cannot safely use, except 88 means 
of discovery, the results of which are to be subsequently verified. ... But to say 
that what we cannot use no others ever can . . . seems to me a departure from all 
rules of prudence. . . .᾿᾽ Would analysis ever have developed as it has done if 
Kuler and others had refused to use ,/(— 1)? 

He refuses to distinguish between different types of divergent series: if some 
are to be used, all must be. ‘I do not argue with those who reject everything 
that is not within the province of arithmetic, but only with those who abandon 
the use of infinitely divergent series and yet appear to employ finitely divergent 
series with confidence. Such appears to be the practice, both ‘at home and 
abroad. They seem perfectly reconciled to 1—1+1—... = 3, but cannot admit 
14+2+4+... = —1.’ It is very odd that it should never have occurred to him 
that there might be interpretations (for example, Poisson’s) which apply in the 
one case and not in the other. 

Later, when he recurs to this point, he is a little inconsistent. There are cases 
in which 1+2+4+... seems to represent —1, others in which it seems to repre- 
sent oo:f thus the limit of 


1427+ 4et+...42%7mM4+..., 


as x~—>1, is oo (a well-chosen example). This he can tolerate, but ‘let it come 
out anything but —1 or οὐ, and as a result of any process which does not involve 
integration performed on a divergent series ... and I shall then be obliged to admit 
that divergent series must be abandoned’.{ There is something in his view: — 1 is 
a root of z = 1+ 22, and there is a sense in which © can be said to be one also, 
while 0 or 1 certainly cannot. We found 0 in (3) of § 1.6, but de Morgan would 
certainly have felt that the example was unfair, and would not have been 
altogether wrong. It is true that —1 and οὐ are the only ‘natural’ sums. 
Similarly with 1—1+1—...: it would be fatal if this came out to be anything 


t See § 1.6 (3). 
1 The emphasis on integration is odd, but de Morgan seems to have regarded integra- 
tion as an ‘essentially arithmetic’ process liable to destroy any more ‘symbolic’ reasoning. 
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other than 4. ‘The whole fabric of periodic series and integrals . . . would fall 
instantly if it were shown to be possible that 1—1-++1—... might be one quantity 
as a limiting form of A,—A,+A,—... and another as a limiting form of 
B,— B,+B,—...’; and here there is some quite mistaken criticism of Poisson. 
De Morgan implies that to define > a, as lim ¥ a,x" is to assume that ‘what is 
true up to the limit is true at the limit’; whereas it is just this distinction which 
is seized upon by, and embodied in, the definition. 

He gives curious examples of paradoxes resulting from integration. Here and 
elsewhere he shows a good deal of formal ingenuity, but other paradoxes 
rest merely on confusion about many-valued functions. He forgets that the 
integral of “Ὁ is log|x|, not logz, when z is negative, and concludes that 


Qq¢ 
[ tanz dx - πὶ 
ὃ 


and that ‘tan*z has —1 for its mean value’—a conclusion which he tries to 
reinforce on other grounds. There is also some discussion of the formulae 
(1.7.1)-(1.7.3), and of alternating asymptotic series of the Euler-Maclaurin type. 
‘When an alternating series is convergent, and a certain number of its terms are 
taken .. . the first term neglected is a superior limit to the error of approxima- 
tion. ...f This very useful property was observed to belong to large classes of 
alternating series, when finitely or even infinitely divergent: I do not remember 
that anyone has denied that it is universally true. ...’ De Morgan shows by 
examples that it is not, but without making any substantial contribution to the 
subject. Indeed these supplementary discussions merely confirm the impression 
left by the earlier sections of the paper, of astonishment that so acute a reasoner 
should be able to say so much that is interesting and yet to miss the essential 
points so completely. 

(3) It is only fair to quote a few instances of British analysts who got nearer 
to actuality. F. W. Newman protested against the dogma ‘what is true...’ and 
pointed out that, in the case of the trigonometrical series 


cosx—4cos 85: - ἔ 608 54—..., 


it is plainly false. His analysis is unsatisfactory, but he makes his point sub- 
stantially, and his paper is interesting because it led Wilbraham, a little later, 
to the discovery of what is now called the ‘Gibbs phenomenon’. Stokes, in his 
famous paper mentioned already, remarked that ‘of course we may employ a 
divergent series merely as an abbreviated way of expressing the limit of the sum 
of a convergent series’, and observed that it did not seem possible ‘to invent a 
series so rapidly divergent that it shall not be possible to find a convergent series 
which shall have, for the limits of its first n terms, the first n terms of the divergent 
series’.{ Finally, Homersham Cox, referring to the ‘equivalence’ of the symbolists, 
used language entirely modern in spirit: ‘it is said that the symbol “=” here 
designates symbolical equivalence. The truth of this assertion depends on the 
definition of this phrase, and without doubt many arbitrary definitions might be 
given, in accordance with which the binomial theorem might be considered to 
hold for divergent series.’ 


+ Of course this is not true without reservation. 
t Consider Σὰ ¢(n)a¢™, where ¢(7) -- 00 rapidly. 
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NOTES ON CHAPTER I 


§ 1.1. Many writers, particularly in England, have used ‘divergent’ in narrower 
senses. Thus Bromwich, Hardy, and Hobson, in their text-books, call Σ᾽ a, diver- 
gent only when 8, —> © or 8, -Ὁ — οὐ, describing other non-convergent series as 
‘oscillatory’. In his first edition Hobson had called > a, divergent if |s,| —> 00: 
thus 1—2+43—... was divergent. | 

The narrower use of ‘divergent’ has its advantages in elementary teaching, but 
the wider use is almost necessary here. The ‘theory of divergent series’ is essen- 
tially a theory of oscillatory series, theorems about series which diverge ‘properly’ 
to οὐ or —oo being usually of the same type as those about convergent series. 
See, for example, § 3.6, and the remarks in Hobson, 2, 4. 

Cauchy’s Analyse algébrique (Paris, 1821) was the first standard treatise on 
analysis written in a genuinely modern spirit. A good deal of his work on the 
foundations is to be found, sometimes even in a sharper form, in a series of memoirs 
published by Bolzano in Prag in 1817. See Stolz, MA, 18 (1881), 255-79. 

§ 1.2. For justification of the results in (1)-(3), (5), and (6) see Appendix 1. 
As regards (4), if . 


f(z) = [ cos xt y(t) dé, 
0 


where 0 < a < 1, x(t) is any integrable function, and --π < θ < 7, then 


a 


= id . 2 242 
> pL = | > ever nae= | (F-P)xoae 
1 1 0 


0 


which is #;77?f(0)+ 362/’(0), in agreement with (1.2.24). Many other formulae of 
the same kind may be proved similarly. The limitations a < 1 and |@| < 7 are 
essential. 

For the Bernoullian and Eulerian numbers, and the Bernoullian functions, see 
Bromwich, 297 et seq., 370, and Chapter XIII. 

The series (1.2.18) seems to have first been summed by integration by Euler, 
Novi Commentarii Acad. Petropolitanae, 5 (1760), 203. [Opera (I), 14, 542-84. 
He gives another method in Opera (1), 15, 435-97.] 

§ 1.3. More detailed information about the early work of Bernoulli and others 
on divergent series will be found in Reiff, Geschichte der unendlichen Rethen 
(Tiibingen, 1889), in a paper by Burkhardt in MA, 70 (1911), 169-206, and in 
Burkhardt’s article ‘Trigonometrische Reihen und Integrale’ in the Enzykl. d. 
Math. Wiss. (11412). Reiff’s book is useful but uninspiring and not always 
accurate. Burkhardt’s writings are much more interesting, and contain a mass 
of curious information difficult to find elsewhere. The historical discussions here 
and in §§ 1.6—7 are based mainly on these sources. 

Hutton, T'racts on math. and philosophical subjects (London, 1812), gave what 
is in effect the following definition of the limit of a divergent sequence (s,,). Define 
s® for k = 1, 2,... by 


sy = de +asn) (n> 0), 


with s® =0 (k>0) 50) - 5, (n> 0). 
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Thus 811) and 8?) are 
880» Fg +381 B81 + BS 2.000) BS pat ἐδ»... 
880» $89 +351, $89 + 481+ 4809---> 28n_2thonitdsn,..- 
Then 8, -Σ 8 (Hu,k) means δι _» 9, 
It is easily verified that 
1--1-Ε1--... = 4 (Hu, 1), 1—2+3—... = } (Hu, 2); 
and we can show, from the general theorems of Ch. III, or those about Nérlund 
means in Ch. IV, that any series summable (Hu,k) is summable, to the same 
sum, by the corresponding Cesaro mean. 

For examples of the use of Euler’s transformation in numerical computation 
see Bromwich, 62-6. 

§ 1.4. For Cauchy’s theorem see Hardy, 167, or Bromwich, 414. It is a case 
of Theorem 44. Abel’s theorem is included, for example, in Theorems 27 and 55. 

§ 1.5. For (1.5.10) and (1.5.11) see Appendix I, § 4, where some errors in a 
paper in T’'CPS, 21 (1908), 1-48, are rectified. 

§ 1.6. The first criterion for convergence formulated explicitly seems to have 
been Leibniz’s familiar criterion for the convergence of an alternating series 
a)—a@,+a,—... with positive decreasing a,. 

(3) The series (1.6.4) converges in two regions bounded by the circles 
u*+(v+1)? = 2, where u+t = 2, the lune inside both and the infinite region 
outside both; and diverges in the two remaining lunes. The point 27 is in the 
upper of these last two lunes. The series represents a single two-valued function of 
z= 2x/(1+2?), but two different one-valued functions of x. 

(4) For Goldbach’s actual statement of the transformation see M. Cantor, 
Vorlesungen tiber Geschichte der Math., 3, ed. 2 (Leipzig, 1901), 641. The account 
in Reiff, 89, is incorrect. 

§1.7(1). A reader acquainted with the elements of the theory of Fourier series 
will easily verify the truth of (1.7.1)-(1.7.3) for φ(“) defined by appropriate trigo- 
nometrical integrals. 

(2) Burkhardt analyses the papers of Earnshaw and Young with more care 
than they deserve. He also says a good deal about minor German work of the 
same period, but this is on the whole less interesting. 

(3) The papers of Newman, Wilbraham, and Homersham Cox appeared in the 
Cambridge and Dublin Math. Journal, 3 (1848), 108 and 198, and 7 (1852), 98. 
F. W. Newman, Professor of Mathematics in University College, London, was a 
brother of Cardinal J. H. Newman. 


Il 
SOME HISTORICAL EXAMPLES 


2.1. Introduction. In this chapter we give the examples of the 
work of Euler and others which were promised in § 1.6, starting in each 
_case from a passage in the original writings of the analyst in question. 
The subject-matter of these passages is still important, so that they 
have more than an historical interest; and we shall therefore analyse 
them in some detail, and add the explanations needed to show their 
connexion with more modern work. 


A. Euler and the functional equation of Riemann’s zeta-function 


2.2. The functional equations for C(s), 7(s), and L(s). The 
Riemann ¢-function f(s), defined by the series 


(2.2.1) f(s) = 1-8+2-8+-3-8-+... 
when 8 = o+ztando > 1, isa one-valued analytic function of 8, regular 


all over the plane except for a simple pole at s = 1. It satisfies the 
functional equation 


(2.2.2) ζ(1 ---8) = 2(27)-* cos dsm I'(s)€(s). 
Near s = l, . 
(2.2.3) Us) = 4yt- 


where y is Euler’s constant. 

The functions η(8) and L(s), defined for σ > 0 by 
(2.2.4) »(s) = 1-8—2-8+3-%—..., (2.2.5) L(s) = 1-*§—3-*+5-—..., 
are integral functions of 8; 7(s) = (1 --- 21 -δ)ζ(8), but L(s) is an inde- 
pendent transcendent. They satisfy 
(2.2.6) (28-1—1)n(1—s) = —(28—1)m-* cos $87 [ (8) η(8), 

(2.2.7) L(1—s) = 23π-9 βη 18π I'(s)L(s). 

These results have usually been attributed to Riemann, Malmstén, 
and Schlémilch. It was comparatively recently that it was observed, 
first by Cahen and then by Landau, that both (2.2.6), which is equiva- 
lent to (2.2.2), and (2.2.7) stand in a paper of Euler’s written in 1749, 
over 100 years before Riemann. Euler does not consider complex values 
of s, and does not profess to have proved the equations even for real s. 
He states them, and verifies them in such a number of cases as ‘ne plus 
laisser aucun doute sur la vérité de notre conjecture’. Incidentally his 
verifications throw much light on his views about divergent series. 
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2.3. Euler’s verification. Euler states (2.2.6) in the form 


1— 2-14 3e-1_, (s—1)!(28—1) 
2.3.1 ------.-----.-----  -“----. ’ θὀ  ὀἑ Γ΄. --- 
oo 1. 5.4 μ8--- (1 "πὸ C08 897 
and proceeds to verify this equation (a) for all integral s and (6) for 
8 = $and 5 = 3. It will be observed that 8 = 3 is the only one of these 
values of s for which both series are convergent. 
He needs the formulae 


g2k-1__ 
(2.8.2) 1—2-2h4 3-2, Tay ἱ kB, 
(2.3.3) PT iss 8 (A); 
(2.3.4) 1— 2% 43%, — Q (A), 
(2.3.5) [92-14 gma (yea a —! B, (A). 


Here k is a positive integer. Of these formulae (2.3.2) is familiar, and 
the others, apart from the (A), are (1.2.7), (1.2.12), and (1.2.13). 

It is important to observe that, here at any rate, Euler is quite 
explicit about his use of divergent series: the series are to be summed 
by the A definition of §1.3(2). It is easy to verify their truth in this 
sense. For from 


(2.3.6) e-¥—e-w+e-3y__,,, = (e¥+1)-!  (y > 0) 
it follows that 
Mo—- Mo- Mp—- ΞΞ-,ι3ξΞ Mm “ I 
(2.3.7) 1™e-¥ — 2me—29 4 Bme—sy—., (—1) Ε 2) οὐ ΕἸ 
for m = 0,1, 2,.... Now 
nee 
ri == $—4 tanh ἐν = 4— > (—1)F- a? (Qk By 


so that the limit of (2.3.7) is 


4 (m=0), Ὁ (m= 2k > 0), (page) (m = 2k—1 > 0). 
It follows that the series (2.3.6) and (2.3.7) have the limits required 
when y> ΟΟΥ « = 6 -» 1. 

This proves (2.3.3)—(2.3.5), and also shows that the series are sum- 
mable (€) to the same sum: Euler might equally well have used this 
definition. We can naturally prove the truth of (1.2.8)-(1.2.11), 
(1.2.14), and (1.2.16), in the same senses, in the same way. 
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From (2.3.4) n(1—s) = 0 (8 = 3,5,7,...)3 
and from (2.3.2) and (2.3.5) 


14-. Ὁ _ (—=DMe— 11) 9 4 6...) 
7(8) (2°-*— Ἰ)πὸ 
If we observe that cos 487 is 0 when s is odd and (—1)#* when 8 is even, 
then these two formulae verify (2.3.1) for s = 2, 3, 4, 5.,.... 
Secondly, if we take s = 1, and interpret cos $s7/(2*-'— 1), for s = 1, 
as its limit when 8 > 1, Le. as —7](2 log 2), then (2.3.1) becomes 
I—l4+1—.. ἢ 
1—}+}4—... 2log2’ 
in agreement with (2.3.3). | 
Thirdly, if we write (s—1)!(2*—1) = s!(2*—1)/s, and interpret this 
as 1.log 2 for 8 = 0, then (2.3.1), for s = 0, becomes 
1—$+3—- _ 2 log 2, 
1—1+1—... 
again in agreement with (2.3.3). 
Fourthly, replacing (s—1)! by I'(s), and using 
Γ “π΄ .- 
(9) 008. ΣΕ = ἘΞ το ἢ το] τ᾽ 
we find that the truth of (2.3.1) for general s > 1 implies its truth for 
s <0. We may then regard the formula as verified for all integral 8. 
Fifthly, if s = }, and we interpret (—4)! as I'(}), then 


__ (s—1)1(28*—1) D(4)(2*—1) 
(28-1 —1)z8 τ (2-ἰὲ- 1) πῶ 


so that (2.3.1) is true for 8 = ᾧ. This completes Euler’s programme 
except for the value s = 3. For this he has only a numerical verifica- 
tion. He sums the divergent series with the help of the Euler-Maclaurin 
sum formula, and finds the value -380129.... This gives -496774 for 
the value of the left-hand side of (2.3.1), in agreement with the right to 
5 figures. ‘Notre conjecture est portée au plus haut degré de certitude, 
qu’il ne reste plus méme aucun doute sur les cas ou l’on met pour 
V’exposant s des fractions.’ 


cos 487 = 


As Landau remarks, Euler’s computation of 1—V2+~3—... may easily be 
transformed into a rigorous determination of its Abel sum. It is worth observing 
that the sum may also be calculated by Euler’s transformation of § 1.3(4). In 
this case a, = (—1)",/(n+1) and, calculating the successive differences of (n+ 1), 
we find 


b, = 1, b, = —-4142, ὃ, = —-0964, ὃς = —-0465, ὃ, = —-0285, ὃ; = —-0197, 
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so that Euler’s series is 
1 -4142 -0964 -0465 -0285 -0197 


2 4 °&48 16 £32 £464 ““’, 

which is -380 to 3 figures. Our calculation is of course much rougher than Euler’s. 

Kuler does not discuss (2.2.7) in the same detail, but implies that 
he has made similar verifications. He ends by remarking that ‘cette 
derniére conjecture renferme une expression plus simple que la pré- 
cédente; donc, puisqu’elle est également certaine, il y ἃ ἃ espérer qu’on 
travaillera avec plus de succés ἃ en chercher une démonstration par- 
faite, qui ne manquera pas de répandre beaucoup de lumiére sur 
quantité d’autres recherches de cette nature’. 


B. Euler and the series 1—1!x2+2! 7?~—... 
2.4. Summation of the series. The series 
(2.4.1) f(x) = 1---1}2- 21.3--- 81 ."-ΕϑΨϑ,, 
which reduces to (1.1.4) for ὦ = 1, is not convergent for any x except 
x = 0, or summable by any of the methods of § 1.3. For example, when 
x == 1, the series (1.3.5) diverges almost as rapidly as the original series. 
Kuler, however, succeeded in summing the series as follows. If we 
suppose x positive and write, formally, 
d(x) = xf(x) = ~—1!2?-+2! 28—..., 
then term-by-term differentiation gives | 
(2.4.2) «χϑῴφ΄ (“)- φ(4) = x2(1!—2!a7+3!a?—...)+a—Ua?+... = a. 
This differential equation has the integrating factor x~%e-'7, and 
; | 
one. 
(2.4.3) d(x) -- elle | a 
0 


is a solution which vanishes with x.} 
If we make the substitution ἐ = x/(1+-xw), we obtain 


(2.4.4) Loe τοῦ = | ao dw; 


0 


and it is natural to attribute this sum to the series (2.4.1), the more so 
because we come back to the series by expanding (1-++-z7w)-! in powers 
of xw and integrating formally term by term. 


7 It is easily verified by partial integration that ¢(~) = O(x) for small z. 
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Since x > 0, we have also, from (2.4.3), 


μη οΌ 
τ ] ew Tide: 
Sele 1 © — seve | ody = — ell li(e-12), 
(2.4.5) f(x) = 1 | ; dt τ [Ξ U πὸ i(e-¥2) 
0 1/x 
where liv, the ‘logarithm-integral’ of v, is defined for 0 < v < 1 by 


logt U 
log(1/v) 
Then 
co y 
= ΝΙΝ ae “Ζ 
-uena [Ξ - [3 ἡ [Setar {πὲ fre 
y 0 


ae y” y? 
= —y—logyty—aait3 gin 


and it follows from (2.4.5) that 


ἔνι ae 
(2.4.6) f(x) 5:3 =o log=+5(7), 
where 
re ᾽ y? yp 
(2.4.7) (y) = —ye νον +o εἶν.) 


is an integral function of y. These equations give the analytic continua- 
tion of f(x) all over the plane. It is a many-valued function with an 
infinity of branches differing by integral multiples of 27t2-1e¥*, and has 
one branch which tends to 1 when x - 0 through positive values. 

If we take x = 1, we obtain the equation 


] 
(2.4.8) 1—]!+2!—3!-... = -¢y—1 455s} 


2.5. The asymptotic nature of the series. If z = re“?, where 
--π <0 <7, then 


foe) 


dw = [ ee —aw-patot—...+(—1)rarar} dw+ 
0 


(2.5.1) f(x) = μῆς 


l+-aw 


e~ Wayntl 
-- ])etiygntl 
+(—1yrtennr | -Ὁ 
0 
say. Now |1+2w| = ,(1+2rwcos6é+r*w?) has the minimum 1 if 
6080 > 0, and the minimum [81η 0] if οοβθ < 0. Hence |£,(x)|{ does 
not exceed (n+ 1)!r"+lif |6| < 4a, or (n+1)!1r"+1|cosec 6| if ἐπ < θ <a, 


dw = 1—1!x"+2!2?—...+(—1)"!a2"+ &,,(2), 
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and is O(r"+1) uniformly in the angle --π- ὃ < @ < π--δὃ, for any 
positive ὃ. In particular 


(2.5.2) 7(“) = 1—la+2!a?—...4(—1)"n! 2"+ O(a") 
for small positive x and given n. 

A series Ag +a, xX+A,%7+-... 
is said to be an asymptotic series for f(x), near x = 0, if 
(2.5.3) F(x) = agp ta, x+...+a, 2+ O(a™1) 


for each n and small x. We are interested here primarily in positive z, 
but the definition applies to complex x also; thus (2.4.1) is an asymp- 
totic series for our f(r) in any angle —7+6 < θ < π--ὃ, 1.6. in any 
angle issuing from the origin and omitting the negative real axis. There 
is therefore one sense at any rate in which the series ‘represents’ {(7). 


The definition of an asymptotic series is interesting only when the series is 
divergent. If f(x) is regular at the origin, then its Taylor’s series } a,2" is 
convergent for small x and satisfies (2.5.3); but in this case there is no novelty 
in the idea. Divergent asymptotic series occur in the works of most of the older 
analysts, but the first mathematicians to make a systematic study of them were 
Poincaré and Stieltjes, and the first general theory is contained in a famous 
memoir of Poincaré on differential equations. 

There will usually be an infinity of different functions represented asymptoti- 
cally by the same series > a,x". Thus if 9(2) = e~*/*, where a is positive, then 
a-"-l9(7)—> Ὁ for every n, uniformly in any angle --π- ὃ < 6 < 2π--ὃ (and in 
particular for positive x); so that, for example, the series (2.4.1) gives an asymp- 
totic representation of each of the functions f(z)+ Cg(x). To say that a series is 
an asymptotic series for f(x) is not to ‘define its sum’ in the sense of § 1.3. There 
are ‘uniqueness theorems’ for asymptotic series, due to Watson, F. Nevanlinna, 
and Carleman; but these depend upon the knowledge of exact bounds for the 
error terms such as the R,(x) of (2.5.1), valid for all m and all x of an appro- 
priate region. 

We shall often use the phrase ‘asymptotic series’ in a slightly extended sense, 
saying that > a,x"+« is an asymptotic series for f(z) if Σ᾽ a,2" is an asymptotic 
series for 2~°*f(x), and we shall sometimes express this by writing 


(2.5.4) f(x) ~ Y a,a™e, 


2.6. Numerical computations. Euler calculated a numerical 
value for the sum of (1.1.4) in various ways. First, we may use (2.4.8). 
Secondly, we may use (2.4.5), calculating the integral, for x = 1, by 
numerical quadrature. These methods give 


(2.6.1) g = ]—1!42!—3!+... = -5963.... 


There is a more remarkable, though less precise calculation (also due 
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to Euler) in Lacroix’s treatise. Lacroix writes S for ---ὃ = 1!—2!+..., 
and transforms S as in §1.3(4), obtaining 


8 = {ἐξ BH... 


a series which diverges a little less rapidly than the original series. He 
then writes S = 4—i-+S’, and a repetition of the transformation on 
S’ gives 

; 9 ὃ 21 616 

τ 94 οδ᾽Γ 98 tot 912 
Finally, he writes S’ = 3.2-4—5.2-®+ 8”, and a third transformation 
on 3" gives 
ν 421 15 159 429 5241 

= 39 — 91a tons — gis + gar — 
Kight terms of this series lead to the values :-4008 and -5992 for S and 
s, correct to two figures. It seems at first very remarkable that we 
should get so good a result, since all of the series used are divergent 
(and in the end nearly as rapidly as 8). We shall see later (p. 196) why 
the method should be so successful. 


C. Fourier and Fourier’s theorem 


2.7. Fourier’s theorem. By ‘Fourier’s theorem’ we mean here the 
theorem that, if f(x) belongs to an appropriate class of functions, and 
is ‘representable’ by a trigonometrical series 


(2.7.1) 4Qy+ Σ (a,,cosnz-+b, sin nz), 
1 


in the sense that the series converges to f(x) in the open interval (—z, 7), 
then 


(2.7.2) a, = ε: x)cos nx dx, 6, = : | fee)sin nz dz. 
77 WT 


Thus the theorem asserts that, if a trigonometrical series converges to 
f(x) for —a7 <x <7, then it is necessarily the ‘Fourier series’ of I(x). 

The formulae (2.7.2) are older than Fourier. Thus Burkhardt, in his 
article in the Enzyklopédie, traces the formula for a, back to Clairaut 
(1757). They were familiar to Euler, who gave the ordinary deduction 
of them, by term-by-term integration, in 1777. 

It is to be observed that ‘Fourier’s theorem’, as we have stated it, 
is a ‘uniqueness’ theorem, and is true or false according to the class of 
functions considered and the sense of ‘representation’. Thus it is true, 
after du Bois-Reymond and de la Vallée-Poussin, when f(z) is finite 
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and integrable and representation implies ordinary convergence. If we 
assume only that the series is summable by one of the standard methods 
of the theory of divergent series, then the theorem may be false, even 
when f(x) is always 0. Thus 


sinz+2sin 2x-+3sin 37-1... 


is summable (A) to 0 for all x, but is obviously not the Fourier series 
of 0. In any case the theorem is a sophisticated one, which it would 
have been quite impossible for Fourier to prove strictly: the simplest 
case of it, in which f(x) is 0 and representation implies convergence, 
was first proved by Cantor in 1870. 

There is a remarkable passage in Fourier’s Théorie de la chaleur in 
which he attempts to prove a special case of the theorem. Let us 
suppose that f(x) is an odd analytic function regular for |x| < π, so that 


(2.7.3) | f(x) = > pi 2k +1 


for |x| < 7; and that 
(2.7.4) f(x) = Σ ,, sin nx 
1 


for --π <x <7, the series being convergent in the classical sense. 
These are in effect Fourier’s assumptions; and his object is to prove 
that b,, is given by the second formula (2.7.2). 


2.8. Fourier’s first formula for the coefficients. The ‘natural’ 
method for the proof of (2.7.2) is that of term-by-term integration, 
which had already been followed by Euler, and would have led Fourier 
at once to a proof satisfactory according to the canons of the time. 
Fourier, who does not seem to have known Euler’s work, follows a quite 
different and very surprising course (though he refers to the proof by 
integration later). He replaces every sine in (2.7.4) by its Taylor’s 
series, and equates the coefficients of powers of x to those in (2.7.3). 
He thus obtains an infinite system of linear equations 


(2.8.1) b, + 224416, 4 324+1b, 4... = (—1)efeh+D(0) (ὦ = 0,1, 2,...) 


in an infinity of unknowns. It will be observed that all these series 
are divergent even in the simplest cases: thus f(x) = x has the Fourier 
series 


(2.8.2) 2(sinx—4sin 2x+4sin 3x—...), 


+ Its sum for x = --π οὐ 7 is naturally not f(x) but 4{f(—7)+/(7)} = 0. 
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and in this case they reduce to 
I—14+1—..=4, 1—2%43%_,.=0 (h = 1,2,...). 


We know that these equations are actually true with appropriate 
definitions, for example, the A definition. But the fact that they are 
divergent, and that (as we saw in § 2.7) a slight intrusion of divergent 
series will make ‘Fourier’s theorem’ false, will give an idea of the diffi- 
culties in Fourier’s way. Judged by modern standards, he was setting 
himself a hopeless task. 

None the less, Fourier’s argument is more than an historical curiosity 
and is still well worth study. Considerable sections of it are correct, 
or easily restatable so as to become so; it contains ideas important for 
other purposes; and there are by-products which may still suggest 
interesting problems. 

Let us write (2.8.1) as 


(2.8.3) by + 22%-1h,4-3%-1p τρις = A, (h = 1,2,...). 


Then Fourier’s leading idea is to suppress all but the first 7 equations 
and all but the first r unknowns, thus obtaining a finite system 


(2.8.4) yn, —A, (h=1,2,...7), 


to calculate the corresponding values b,, of the b,, and to investigate 
the limit of 6,,, when roo. This is now the dominant idea in the 
theory of the solution of an infinite system of linear equations, and it 
is in Fourier’s work that it appears first. 

Fourier, however, does not do exactly this. He varies the A, as well 
as the 6, replacing (2.8.4) by 


(2.8.5) Σ n= A,, (b= 1,2,..47). 


n=1 
We call this the system (r). Fourier’s idea is that we can, by an 
appropriate choice of the A,,, secure both that A,,— A, and that 
the 6,,,, tend to limits 6,. 
He tries to showy that if we choose the A,,, so that 


A 
i A A 
(2.8.7) 1,2 1,37 aE? As. = As3——3*, 


+ This part of Fourier’s argument is restated in a more accurate form by Darboux in 
a footnote to p. 191 of the reprint of Fourier’s works. 
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and generally 


Ansis 
(2.8.8) An, = Aria τ ὩΣ (λ aa 1, Brg); 
then we shall have 
] 

(2.8.9) bie bral] —3) 

] 2? 
(2.8.10) by» = δ, { - 5) be» ΞΞΞ baal -Ξ 
and generally 

n* 

(2.8.11) ong = bapa! — rag (n= 1,32,...,7). 
It will follow that, if the A,,, satisfy (2.8.8), then b,,,—> 6,, where 
2.8.12 pe b 
=e {{ πη" οἶτον! τ δον 


when roo. We have then to calculate b,,, b,,,... in terms of the A, 
(which are ex hypothesi the limits of the A, ,). 

Now 6,, = A,,, by the first of (2.8.5). We express this first in terms 
of 4...» Ago, by (2.8.6), next in terms of A,3, Ags, Ag, by (2.8.7), and 
soon. We find that 


A, | eee A 
Aaa = Ana GH = ἘΠ. 


Tooke ce ἅμ 
2 2884? Bake. 


Ly AS 

= Αμαν zat Τὴ ἘΑμίτε Ἔσο σέ 523 
and in the limit 7 
(2.8.13) δι ΞΞ 4.1 -Ξ A, μι τς Pt As ἔλαττον 
where | : 
(2.8.14) Pi=l, Pa= dm, Ba = dm m;*...., 
and the summations are extended over unequal values of m,, mg,... 
other than 1. This and (2.8.12) give ὃ, in terms of the A,,. 

We can calculate by ., b33,..., and 50 bg, bg,..., similarly. We express 
bo, in terms of A», Aj. from the system (2), then in terms of 4.5, 
A, , As, from (2.8.7), and so on. Thus we obtain ὃς; and we may 
obtain b,, similarly by starting from the system (n). The results may 
be written 


] 1 
(2.8.15) nf εὐ ΡΥ ΑΕ eer We: eee 


(2.8.16) by Tif-2)- A, Pyn—AsgPan+AsPan—- 


m*EnN 
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where 
(2.8.17) Pp=l Pr=Dm, Pyyx= Lm *m;%.... 


and the summations are now extended over unequal m,, m,,... other 
than n. These equations may be simplified because 


n> . (sinzz ga\-t 
1 ——} = 1 ee ἀξ --- (—])r-1], 
Il [ =i) mal πξ [! =) a δ: 


Thus (2.8.16) becomes 
(2.8.18) (—1)"-11nb, = A, P,n—A2PontAsf 
It is easy to find F,,, for all ἢ and n. If we ao 
᾿ : 
{ΠῚ τὴ = "pe = BORA 
1 


Wz 


then P,,, = 7*"/(2h+1)!, and the identity | 
2 
(1 =F) Pn —Pan + Pan AW...) = R—P2+Pa— 


gives the F,,, in terms of the P,. Finally, making these calculations 
and substituting in (2.8.18), we obtain 


(2.8.19) (—1)"-14nb, = 4,+(5-3)4 +( <a git gat 


τ 81 ᾿ δ! 
This completes the first and most complex stage of Fourier’s argument. 
Thus if f(x) = z, A, = 1, A, = A; = ... = 0, we obtain 4nb, = (---ὄ1)5- 
and. | 


x = 2(sinz—4sin 27-+-4sin 3z—...). 


2.9. Other forms of the coefficients and the series. If we 
remember that A, = (—1)’-1f@4-2(0), so that 


"3 , π8 
7(πῈ ΞΞ- πά,--- At... f (zr) — TA, Ἐπ Ag— os “5.9 
and rearrange (2.8.19) in powers of n-*, we find that 
(2.9.1) b, = πἰ πὸ δ" μα πὴ -- Γσ) (7) } Ὁ 
Substituting this series for b,, in > b,, sin πῷ;, and rearranging the result- 
ing double series by associating together the terms in f(z), f"(z),..., we 


obtain 
51 2 . sin3z 


(2.9.2) πω) = =e ΤΟ ΣΟ Sear + Sa 


Each of these formulae is interesting in .itself, and valid under fairly 


wide conditions. 
4780 D 
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We shall have more to say about (2.9.2) in Ch. XIII. Here we are 
concerned with Fourier’s further transformations of (2.9.1). He observes 


that " at 
x(x) = fle) —n-2f"(«)-+n-4f" (x) —... 
satisfies the differential equation 


n-"x"(x) + x(x) = f(z), 


whose general solution is 


μ" x 
x(x) = Ccosna+ Dain nz+nsin nx | T(t)cos nt dt —n cos na [ 7( βίη μέ dt. 
0 0 


Since f is odd, x is odd and C = (0) = 0. Hence, putting x = 7, and 
using (2.9.1), we obtain 


2 of 
n—1 — i 
b,, = (—1) =e x(77) - | f (isin nt αἱ, 
0 


which is the second formula (2.7.2). Thus at last Fourier has arrived 
at the ordinary formula for the coefficients. 


2.10. The validity of Fourier’s formulae. It would no doubt be 
possible to determine conditions on f(x) sufficient to justify all Fourier’s 
elaborate transformations, but a very careful analysis of his argu- 
ment would be required. Here we shall consider two questions only: 
(a) whether (2.9.1) is in fact a correct formula for b,, and (b) whether 
the ὃ, actually satisfy (2.8.1). The second question naturally pre- 
supposes some definition of the sums of the divergent series involved. 

(1) First, if f(x) is odd and regular along the stretch --- π < x < π of 
the real axis,t we have, since f(0) = f"(0) =... = 0, 


ἐπὸ, = | fle)sin ne dx = (aye) Lt 


n? 


3 (I) (Sy 


7 
2h+1 
"onl | ane { f@+(x)cos nx aa}, 
0 


by repeated partial integration. Since the last term in the bracket 
is O(n-**-?) for large n, we see that the series (2.9.1) is an asymptotic 
series for ὃ. 

Next, if [fe(mr)| << CK (h = 0, 1,...) 
for some C' and K, then the series is convergent for m > K. In particular 
this will be true if f(x) is an integral function of order 1 and finite type, 


t This is, of course, a more general hypothesis than Fourier’s: he assumes that the 
Taylor’s series of f(z) is convergent for |x| < 7. 
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1.6. if | f(x)| < De4'*| for some D and L. lf L <1, in which case also 
K < 1, then the series is convergent for n 2 1. In these circumstances 
(2.9.1) is true in the ordinary sense. 

We can also prove that the series 1s summable, under wider condi- 
tions, in various senses, but this demands some knowledge of the 
definitions of the sum of a divergent series associated with the name 
of Borel. 

(2) We shall now prove that the equations (2.8.1) are correct if the 
divergent series which they contain are summed by the A method of 
§1.3(2). We again suppose only that f(x) is odd and regular on the stretch 
—a7 <2x< 7 of the real axis. | 

Since f(x) is regular for —7 < x < 7, we have 


b,, = a f(x)e™™ dz = Ea | f(a)e"** dx, 
πὶ πὶ} 
- τ C1 


where ΟἹ is a curve from —z to 7 a little above the real axis. Hence 


eix—B 


] : ] 
S dyer = > [ fle) Denese de = = | fle) στο ἄν, 
σι Ci 


for any positive ὃ. Differentiating 22-1 times with respect to ὃ, and 
then replacing the derivative under the integral sign by the correspond- 
ing derivative with respect to x, we obtain 


2h41 —dn —_ (i= a ᾿ 
> n*+1b,, € ΞΘ f(x) Ta ee: dx. 
C1 


When ὃ -> 0, the right-hand side tends to 
cr | Ὁ 5 Ν {- | q\ 2h 
T 76) dx 1-- οἷς dx = f(x) z) cot 4x dz. 
Cy Fd 


πὶ 


Since f(z) is odd, this is half the same integral round Ο᾽, a complete 
circuit round the origin in the negative direction; and this, by partial 
integration, is 


(—y 
2πὶ 


[ΡΟ ΚΣ oot be de = (—¥™N0), 
C 


which is accordingly the A sum of >) Δ ΣῈ Actually the series are 
summable by ‘Cesaro’ methods, > n?*+1b, being summable (C, 24-+-1);T 
but the A method is the simplest which will sum all of them. 


+ See § 5.4. 
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D. Heaviside’s exponential series 


2.11. Heaviside on divergent series. Our last example is one of 
a different kind, since it comes from quite modern times and from the 
work of a man who was not a professional mathematician. 

Heaviside, in the second volume of his Electromagnetic theory 
(London, 1899), has a long chapter on divergent series. He is plainly 
not aware that, at the time when this volume was published, a scientific 
theory of divergent series already existed;{ and his work is always 
unsystematic and often obscure. He does not attempt to develop any- 
thing which can be called a ‘theory’ of divergent series, his attitude 
towards them being, at bottom, that of Euler 150 years before: indeed 
Euler had the clearer ideas. But Heaviside, whatever his merits as a 
mathematician, was a man of much talent and originality, and what he 
says (if often irritating to a mathematician) is always interesting. 


It may be advisable to substantiate these assertions by quotations from 
Heaviside’s writings. 

‘I must say a few words on the subject of generalized differentiation and 
divergent series. ... It is not easy to get up any enthusiasm after it has been 
artificially cooled by the wet blankets of rigorists.... I have been informed that 
I have been the means of stimulating some interest in the subject. Perhaps not 
in England to any extent worth speaking of, but certainly in Paris it is a fact 
that a big prize has been offered lately on the subject of the part played by 
divergent series in analysis.... I hope the prize-winner will have something 
substantial to say... . 

‘In O.P.M.} I have stated the growth of my views about divergent series up 
to that time. ... I have avoided defining the meaning of equivalence. The 
definitions will make themselves in time. ... My first notion of a series was that 
to have a finite value it must be convergent. ... A divergent series also, of 
course, has an infinite value. Solutions of physical problems must always be in 
finite terms or convergent series, otherwise nonsense is made. . . 

‘Then came a partial removal of ignorant blindness. In some physical problems 
divergent series are actually used, notably by Stokes, referring to the divergent 
formula for the oscillating function J,(x). He showed that the error was less than 
the last term included. Now here the terms are alternately positive and negative. 
This seems to give a clue... 

‘There are certainly three kinds of equivalence. ...§ Equivalence does not mean 
identity. ... But the numerical meaning of divergent series still remains obscure. 


+ Borel’s memoirs on divergent series were published during the years 1895-9, his 
book in 1901. Poincaré’s theory of asymptotic series dated from 1886. 

Σ ‘On Operators in Physical Mathematics’: a series of three papers presented to the 
Royal Society during 1892-4 but never printed in full. 

§ Numerical, analytical, algebraical. Heaviside means, of course, that 

, lta+et+... = (1 --α)τῷ 

may mean (a) that 1- 5 -Ἐ2-Ἐ ... converges to (1 --- “)7 2, (6) that it is a ‘representation’ 
of the function (1— “} 2, (c) that it is the result of the algebraical process of ‘long division’ 
of 1 by 1—a. Euler would have said the same. 
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... There will have to be a theory of divergent series, or say a larger theory of 
functions than the present, including convergent and divergent series in one 
harmonious whole... .’ (Electromagnetic theory, 2, 434-50.) 

The ‘rigorists’ whom Heaviside disliked so much had provided what he asked 
for, even at the time when he wrote. 

2.12. The generalized exponential series. There is one particular 
series which Heaviside uses freely, and which he seems to have been 
the first to use, though it is a special case of one stated many years 
before by Riemann. This is the series 


where x > 0, c is real, and the coefficient is to be taken as 0 if c is an 
integer 7 and r > n: in this case S reduces to the ordinary exponential 
series. Otherwise S is divergent for all x; but, since it reproduces itself 
when differentiated formally, it is natural to suppose that it should 
have the sum e”, in some sense, for all c. 

We suppose that c is non-integral, R integral, and R >c. Then it 
is easily verified by partial integration, or by differentiation of the 
result, that 


Ϊ ΠΥ ΠΕ ΟΝ 
T'(c—R) = 4, T(c—R+n+1)' 
Hence 
R co 
yer χο- απ 
ϑ',(α, 6) = Ber: Seen ese ee Pee 
εἰσ, ¢) ὩΣ στ τ ) 2, Pe—R+nf1) 


say. The sign of Q, is that οὗ --- Γ(ε--- R), and 
1 οὐ τὰ = eek 
Gal < re—ay | © ὭΣ Γ(ο-- -Ἔ1)]" 

The signs of the terms in S with r > ὁ alternate in sign. If, for 
example, up, the last term in Sp, is positive, then I'(c—R) < 0, 
0 < Qpr < Up, and e* < δὲ < e*+up. If up is negative, then 

e1up <Sp < 65. 
Thus the series S represents e* asymptotically in a sense analogous to 
that of §2.5; its terms, from a certain point on, alternate in sign; and the 
error involved in stopping at any term is of the same sign as, and 
numerically less than, the last term retained. 
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2.13. The series > ¢(x). Heaviside’s series is a special case of the 
series 


(2.18.1) S = S(x) = ¥ 42), 
where ¢”(x), the rth generalized derivative of ¢(x), is defined for 
r= —s «Ὁ by 
(2.18.2) $-%x) = φ,() = ( | a ) = ay | (w—t)-1g(t) dt, 
0 3 0 


and for r = —s-+WN as the Nth differential coefficient of ¢,(x). If φ(“) 
is a multiple of z°, and ὁ > —1, then (2.13.1) reduces to (2.12.1). 
If 


(2.13.3) S= (3 +,3 J) -- §M+ ge), 

say, then | . 

(2.13.4) SYO= >a | (x—t)s1h(t) dt = Ϊ e~—d(t) dt 
Ἐ {153}. ὃ : 


for any integrable ¢. 
Let us assume for simplicity that φ() is indefinitely differentiable 
throughout any finite interval of positive ἐ, and that 


[ eft) dé 

0 
is convergent for r == 0, 1,..., in which case e“A(t) > 0, when ὁ -> 00, for 
r= 0, 1,.... Then 


fem) dt— { ergnngy di = e-* > p(x), 


by partial integration; and so 
S@ = Σ A(x) = | | e“d(t) dt— | οἰ φ( (ὃ it} 
r=0 ΝΑ 


Combining this with (2.13.4), we find 
R co οΟ 
(2.13.5) Sp= > g(x) = οὗ [ e'd(t) dt—e* Ι ε- ἰφ( Ἐ1) (6) dt. 
ΠΝ 0 x 
If now |f(?+0(x)| < xp43(x), and xp+1(x) > 0, for every &, when x > οὐ, 
then (2.13.5) gives 


Sp =e [ τ φ() dt+ Ofxnsa(a)} = Ae*+ Ofxrsa(@)} 
0 
and in this sense S is an asymptotic series for Ae*. 
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2.14. The generalized binomial series. Heaviside has also a 
‘generalized binomial series’, viz. | 


n — - γν--.-18 D(n+1) 
(2.14.1) (1+a)" = > x ππΞ την, ἐπ 


8--:- -- οὦ 
where m and n are not usually integral. This series, unlike the 
exponential series, appears explicitly in Riemann’s earlier work. 

If m and n are integral and 7 positive, then (2.14.1) reduces to the 
elementary binomial theorem; if m only is integral, to the ordinary 
infinite series, 


Σ φράσεις. nee ee 
T'(m—s+1)P(n+s—m+1) — P(r+)P(n—r+1)’ 


8-- --- οὐ γΞΞ0 
which converges to 2"(1-+-2-1)" = (1+ 2)" if |z| > 1. Generally the 
series is infinite at both ends, and convergent at one end, divergent 
at the other, according to the value of x. 

If we separate the positive and negative values of s, and write the 
two resulting series at length in the notation usual for hypergeometric 
series, we obtain 


Tim+1)0(n—m+1) 
D(n-+1) 


n—mM 1 

= F(1,—m,n—m+1, —x)+ meh —n+m+1,m+2, -7). 
If, for example, 0 < x < 1, then the first series on the right is con- 
vergent; the second is divergent, but summable in various ways, and 
represents the analytic continuation of the function which it defines 
when convergent. The formula may be proved directly or deduced 
from known theorems concerning the relations between different hyper- 
geometric functions. | 


(2.14.2) xm—m( 1 tae) 


NOTES ON CHAPTER II 


§ 2.2. Euler, ‘Remarques sur un beau rapport entre les séries des puissances 
tant directes que réciproques’, Histoire de l’ Académie des Sciences et Belles-lettres 
(Mémoires de l’Académie), 17 (Berlin, 1768), 83-106 [Opera (1), 15, 70-91]. The 
volume covers the year 1761, and the paper had been read in 1749. 

Cahen, AEN (3), 11 (1894), 75-164 (75-6), seems to have been the first modern 
writer to call attention to Euler’s paper. Landau, Bibliotheca Math. (3), 7 (1906), 
69-79, gives a full account of it, with the appropriate references to other writers. 
It seems that no one before Riemann (1859) gave a satisfactory proof of (2.2.2), but 
that Schlémilch had stated (2.2.7) in 1849 and proved it in 1858. The standard 
proofs of (2.2.2) are given in Landau, Handbuch, 281-98: see also Ingham, 41-8, 
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Whittaker and Watson, 268-9. Many other proofs have been given by other 
writers. 

§ 2.3. For (2.3.2) see, e.g., Bromwich, 298. 

§ 2.4. Euler’s discussions of the series (2.4.1) seem to have begun in his corre- 
spondence with N. Bernoulli: see in particular Opera (I), 14, 585. Other references 
will be found in Reiff’s book quoted in the note on § 1.3. The summability of the 
series by various methods is discussed by Hardy, PCPS, 37 (1941), 1-8: see § 8.11. 

There is a systematic account of the theory of lie~* in Nielsen, Theorie des 
Integral-logarithmus und verwandter Transzendenien (Leipzig, 1906). 

ὃ 2.5. Poincaré’s memoir was published in 4M, 8 (1886), 295-344. There are 
accounts of the theory of asymptotic series in Borel, ch. 1; Bromwich, ch. 12; 
Knopp, ch. 14; and Ford, Studies. 

For the theorems of Watson and Carleman see Watson, PT'RS(A), 211 (1912), 
279-313; Carleman, Les fonctions quasi-analytiques (Paris, 1926); and § 8.11. 

§ 2.6. Lacroix, T'raité du calcul, 3, ed. 2 (Paris, 1819), 346-8; Bromwich, 336. 

§ 2.7. There are short accounts of the relevant parts of the theory of Fourier 
series in Hardy and Rogosinski and in other books there referred to, and a very 
full one in Zygmund. 

The fullest account of the early history of the formulae (2.7.2) is that in 
Burkhardt’s Enzyklopddie article quoted under § 1.3. 

§ 2.8. Fourier, Théorie analytique de la chaleur, ed. 2 (Paris, 1822), 187 et seq. 
(reprinted in vol. 1 of his @uvres). There are short accounts of Fourier’s analysis 
in F. Riesz, Les systémes d’équations linéaires ἃ une infinité @inconnues (Paris, 
1913), ch. 1, and Hardy, Annals, 36 (1935), 167-81; but both are condensed, and 
neither author quite does justice to Fourier. 

Dr. Bosanquet observes (1) that it is at any rate doubtful whether it is always 
possible, under Fourier’s conditions, to choose A, , so as to satisfy (2.8.8) and 
Ay, —> Ap; (2) that we can deduce directly from (2.8.5) that 


—! n? τ’ E τ 
none] | (1-25) = 1! | (1-5) Aue = Eva? hw 


m=1 m=1 
where the dash implies the omission of the value m = n, HA; , = Anyi, and 
PY}, = 1, PK = LmyPmz?...my2, (b> 1), 
the summation extending over unequal ™,, m,,... from 1 to r other than n. If 
we then make 7 —> οὐ, and suppose that A;,— A;, we obtain (2.8.16) without 
using the special relations (2.8.6)—(2.8.12). 

§ 2.10(2). The argument here may be generalized: see Hardy, 1.6. under ὃ 2.8, 
172. Very general theorems concerning the Cesaro summability of derived series 
of Fourier series, of which the series considered here are special examples, were 
proved by W. H. Young, PLMS (2), 17 (1918), 195-236. Still more general 
results, and full references, will be found in Zygmund, 257 et seg, and in Bosan- 
quet, PIMS (2), 46 (1940), 270-89. 

§ 2.12. Heaviside’s exponential series, and the generalized binomial series of 
§ 2.14, are both special cases of a generalized form of Taylor’s series which occurs 
on p. 335 of Riemann’s posthumous fragment ‘Versuch einer allgemeinen Auf- 
fassung der Integration und Differentiation’ (Werke, 331-44). Riemann’s expan- 
sion is 


ymtr , 
He+h) => poppy ONTO 
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where 7 is fixed, and in general non-integral, m runs from —0o to οὐ, and D™ is 
a symbol of generalized differentiation. Riemann does not write down the 
exponential series explicitly, and makes no attempt at a rigorous discussion. For 
this see Hardy, JLMS, 20 (1945), 48-57. 

The fragment is taken from a manuscript dated 14 Jan. 1847, when Riemann 
was a student. As the editors (Dedekind and Weber) remark, it was never 
intended for publication; but it contains the first definition of * Riemann-Liouville’ 
integrals, and no doubt marks the beginning of Riemann’s work on hyper- 
geometric series. 

The asymptotic character of the series (2.12.1) was proved by Barnes, 7' CPS, 
20 (1908), 253-79. Barnes’s proof is valid for complex x with |arg2| < 7. 

§ 2.13. Ῥόϊγω has proved that if the series (2.13.1) is convergent for any x for 
which ¢(2) is regular, then 4(z) is an integral function, and the series is uniformly 
convergent in any bounded region of x (so that its sum is necessarily a multiple 
of 65). See Pélya and Szegé, 1, 133 and 314. 

Hardy, l.c. under § 2.8, discusses the summability of (2.13.1) by methods 
of Borel’s type. 

§ 2.14. The binomial series occurs, as formula (3), on p. 336 of Riemann’s 
fragment. He comments on its failure for negative integral n. 

The formula (2.14.2) occurs, for example, in Barnes, PLMS (2), 6 (1908), 
141-77 (146, formula I). It may be proved directly by integrating 


d 
| (=u) — a) 


round an appropriate contour. 


ΠῚ 
GENERAL THEOREMS 


3.1. Generalities concerning linear transformations. The 
theory of divergent series is concerned with generalizations of the notion 
of the limit of a sequence (s,), which are usually effected by an auxiliary 
sequence of linear means of s,. Thus in § 1.3 we defined the (C, 1) limit 
of (s,), or the (C,1) sum of > a,, as the limit of 
| __ S981. +8m 

m-+1 
when m ->0o; and the A limit of (s,), or the A sum of > a,, as the 
limit of 
(3.1.2) (x) = Da,2” = Σ᾽ x(1—2z)s, 
when x->1 through values less than 1. In each case the auxiliary 
means are of the form 


(3.1.1) tn 


(3.1.3) tn = SCmn&n (πι = 0,1, 2,...) 
or 
(3.1.4) t(x) = > c,(x)s,, 


where x is a continuous parameter.t Thus in (3.1.1) 

Cnn = (M+1)> (0O<n< Mm), Cnn = 90 (n >m), 
and in (3.1.2) c,,(z) = x"(1—x). In one case they depend on an integral 
parameter m, in the other on a continuous parameter x; but, as we shall 
see, this distinction is not very important. For the moment we consider 


means of the type (3.1.3). 
We call the system of equations (3.1.3), which we may write shortly as 


(3.1.5) t = T(s), 
a linear transformation T; t,, the transform of s, by T; and the matrix 
[Τ| ee (Cin) | 


in which c,,,, is the element in the mth row and nth column, the matriz 
of T. 

Τ Summations are over 0, 1, 2,... when there is no indication to the contrary. The 
variable of summation will not be shown explicitly unless this is necessary to avoid 


ambiguity: it is obvious, for example, that in (3.1.3) and (3.1.4) the summation must 
be with respect to n, so that, for example, 2 Cm, 8, Means 


00 
(δὲ 
2 Cmnen- 
n=O 
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3.2. Regular transformations. The most important transforma- 
tions are regular. We say that T is regular if 


(3.2.1) tn —>s (m-—>oo) 
whenever 
(3.2.2) 8, 8 (m->). 


We regard the first assertion as including that of the existence of ἔπι 
for every m, i.e. the convergence of all the series (3.1.3). Thus, after 
Cauchy’s theorem quoted in ὃ 1.4, the transformation (3.1.1) is regular. 
There is an important theorem, due to Toeplitz and Schur, which 
states necessary and sufficient conditions for the regularity of T. We 
prove this theorem (Theorem 2) in §3.3: it 18 convenient to associate 
it with two other theorems of a similar character concerning different 
classes of transformations. We call the class of linear transformations 
%, the class of regular transformations Z,. The class T, is the class 
of transformations which transform all convergent sequences into con- 
vergent sequences, i.e. transformations such that the convergence of 8, 
to s implies the convergence of t,, to some limit ¢. Thus T, is the subclass 
of τ, in which ¢ is necessarily the same as s. The class Τὴ is the class of 
transformations which convert all bounded sequences into convergent 
sequences, i.e. transformations such that s, = O(1) implies ¢,, >t. It 
is plain that T* is also a subclass of T,; but TF and T, are, as we shall 
see, mutually exclusive. We shall prove the following three theorems. 


ΤΉΞΟΒΕΜ 1. In order that T should belong to Z,, it is necessary and 
sufficient (i) that 


(3.2.3) ἦν ΞΕ a ore ἘΞ, 
where H is independent of m; (ii) that 

(3.2.4) | Can > Ons 

for each n, when m > 00; (ili) that 

(3.2.5) C2 a) C0 


when m->0o. In these circumstances > 5, is absolutely convergent, and 
(3.2.6)  t, >t = 88+ > 8,(s,—s) = s(S— > 8,)+ Σ δη 8,» 
when m -- 00, whenever 8, —> 8. 

Here, of course, the limits 5,, and ὃ are finite. 


THEOREM 2. In order that T should belong to &, (t.e. that T should be 
regular), it is necessary and sufficient that the conditions of Theorem 1 
should be satisfied, that 5,, = 0 for each n, and that ὃ = 1. 
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THEoREM 3. In order that T should belong to X*, it is necessary and 
sufficient that Cn» -Ὁ δι, for each n, i.e. that the second condition of Theorem 
1 should be satisfied, and that the series > lemn| should converge uniformly 
nm. In these circumstances the first and third conditions of Theorem 1 
are necessarily satisfied, > 5, = 8, and 

tn >t= Σ 5,5, 
for all bounded sequences (s,,). 


3.3. Proof of Theorems 1 and 2. (1) We prove first that the 
conditions of Theorem 1 are sufficient. Since s, > 8, S, 18 bounded, 
and it follows from (3.2.3) that all the series (3.1.3) are absolutely 
convergent. 

Next, the series (3.2.5) are absolutely convergent. Also, by (3.2.4), 


N N 
Σ δ] = lim > femal <A 
0 mo 0 
for every NV, so that 
(3.3.1) Σ [δ < 4. 
Thus Σ δ,» > δι. 8,» and the other series in (3.2.6) are absolutely con- 
vergent. 
Suppose first that s = 0. Then we can choose N = N(e) so that 
(3.3.2) ls,| -Ξ ε[4 (n> WN). 
Now 


N οο 
tn — Σ δὰ Sy = > (Cran —9n)8n = Σ (Cian — On) Sn + > (Cran — On) Sn Ξ- OU + Ρ, 
0 N+1 


say. Here IV « τῷ Σ (lemnlt nl) < de, 
N+1 


by (3.2.3), (3.3.1), and (3.3.2); and U > 0 when NV is fixed and m > 
by (3.2.4), so that |U| < }e for m > M(e,N) = M(c). Hence 
l’m— Σ δ, Sn] <€ 
form > M(e), and t,,-> Σ 5, 8,. Thus the conditions (3.2.3) and (3.2.4), 
without (3.2.5), are sufficient when s = 0. 
In the general case we write 
Sy = 8η.-8, tm = >. Cmn Sn: 

Then 58}, > 0 and therefore 

tm > > Bn Sn: 
Hence, now using (3.2.5), 
bm = 2 Cmn(Sn+8) = ttm > > 8, 5, +53 = 8(δ-- ¥5,)+ ¥ 8,5, = 8. 


Thus the conditions of the theorem are sufficient in any case. 
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(2) We have now to prove the conditions necessary. We suppose that 
T belongs to %,. 

(a) Take s, = 1, s, = 0 whenn + k, so that 8, > 0. Thent,, = γι.» 
and therefore c,,; tends to a limit 5, when moo. Thus (3.2.4) is a 
necessary condition. 

(Ὁ) Take s, = 1 for all n, so that 8, > 1. Then 


tn = > Cnn = “m 
and therefore c,, tends to a limit 6. Thus (3.2.5) is necessary. 
(c) It remains to prove (3.2.3) necessary. This is the main point of 
the theorem. 
First, y,, is finite for every m. For if y,, = οὐ we can choose (e,) so 
that 
€, > 9, E,, > 0, Σ €lég | Soot 


If then we take s, = ¢, sgnc,,, we have s, > 0 and 


b= > ΠΟ —= 0, 
in contradiction to our hypotheses. 


Thus y,, is finite for every m, and we have to prove y,, bounded. 
If not then, given G, we can find an m such that y,, > G. We write 


(3.3.3) γα = emo (3.3.4) ἅ, = > i. 


We know already that yy, —> Ym when n->0o, and that c,,, > 8, (so 
that yn, Ὁ 4,) when m -—> oo. 

Starting from an arbitrary n,, we construct two increasing sequences 
M1, Mg, Mz,... ANd 21, Ng, Ng,.... We suppose that m,, 7212...» Mp1, M4, 
Npy,..., N, have been determined already, and choose m, and n,,, as 
follows. Since y,, > G for any G and some m, we can choose m, > m,_; 
so that 


(3.3.5) Yme = > [Cman| > 2rd_, Ἐντ5- 2r-2. 
Ty Np | 

Since Σ lCmn| > Σ [δ. = dp, 

when m — 0O, we can suppose also that 


| Nr 
(3.3.6) | a ΞΞ > δα πὰς ΤΊ. 


n = 
{ For example, we may, with Abel, take «, = ( > |Cm,v! ) *, where Cm.y is the first 
v=N 
μιν F 0. 
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Since yn n —> Ym, When n 00, we can then choose n,,, > ἢ, so that 
ce 


γῃ»- γα = Σ lCmenl <1. 
Neti tl 


It then follows from (3.3.5)—(3.3.7) that 


(3.3.7) 


Nr +1 
(3.3.8) D>. Cnn | tae 
n=n, +1 
We now take 
8, =90 (n<n), Sy = TSENG (Mp <M KX M43) 
forr = 1,2,.... Then |s,] < 1, 8, > 0, and 
ee 
lém-| = nae i lc Ps ies > (ee ee S give 


Ney itt 
> er veer ae I)—l=r. 
Hence ἐμ >00 when m->oo through the sequence (m,), and T is not 
a transformation of T,. The contradiction completes the proof of 
Theorem 1. 
The only point of the proof which presents difficulty is that of the necessity 


of the condition (3.2.3). This may be elucidated as follows. Suppose that we 
wished to prove (3.2.3) a necessary condition for the truth of the implication 


lsn| < Καὶ -» [ἐμ < HK, 
a theorem about uniform boundedness instead of about convergence. We should 
take a fixed m and define s, by 8, = Ksgn¢m,,. Then 

tm = K > [mn | = Kym; 
and (3.2.3) follows. The proof of Theorem 1 depends (at the critical point) on 
a combination of this device with the use of ‘rapidly increasing’ sequences. Such 
proofs are common, for example, in the theory of the ‘convergence defects’ of 
Fourier series. 

It is now easy to prove Theorem 2. First, the conditions are 
sufficient because they include those of Theorem 1, so that 
tn >t = 58+ > 5,(8,—8) = 8. 

Secondly, the proof of their necessity is the same: the proof of (3.2.3), 
indeed, is a little simplified because 5, = 0 and so d, = 0. 


3.4. Proof of Theorem 3. If the conditions of Theorem 3 are 
satisfied, and s, is bounded, then >'¢,, 7, > CmmnSn are uniformly con- 
vergent. Hence 


limt,, = lim > ¢maSn = Σ (limemn)&n = Σ Sn Sn 
when m-—oo, and the conditions are sufficient. In particular, taking 


as ὃ = lim Yen, = > b- 
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The conditions (3.2.4) and (3.2.5), being necessary in Theorem 1, 
are a fortiori necessary here. It remains to prove that 


(3.4.1) Ym = > Ισ, αὶ 


(which is certainly bounded) must be uniformly convergent. 

We show first that it is sufficient to prove this in the special case in 
which 8, = 0 for every n. If T belongs to Tz it belongs to T,, so that 
> |8,,| <0. The equations 


tin = > (Cmn—9n)8n = > Cnn Sy 
define a transformation T’ for which c,,,, > 0 when m -> oo. If T belongs 
to T* and s, = O(1), then t,, > ¢ and 


tm >t— > 5, 8,» 
so that T’ also belongs to TF. Hence, if the conclusion has been estab- 
lished in the special case, > |¢,,,| is uniformly convergent, and therefore 
> lemnl = > lemnt+5,n| is uniformly convergent. 
We observe next that the condition of uniform convergence may be 
stated in a different form by use of (3.2.4). If (3.4.1) is uniformly con- 
vergent then 


(3.4.2) Ym =X lCmnl > Y |Snl; 

and the converse is also true, by a well-known theorem of Dini, because 
lCnn| = 0.7 Thus we may replace the condition of uniform convergence 
by (3.4.2); and, in the special case which it is sufficient to consider, this 
condition reduces to | 

(3.4.3) Ym = [emp | > 0. 


Τ᾿ The substance of the theorem, at any rate, is Dini’s, but he stated it in a rather 
different form (for uniform convergence over an interval of values of a continuous 
variable). It may therefore be advisable to insert an explicit proof of what is actually 
wanted here, viz. that if tm» > 0, Umn-> Ὅς when m—> 0, Sumy and YU, are 
convergent, and 

LL Unmn > Lo Un 


when m - ©, then & Umy converges uniformly in m. 
In fact . 


Σ (Σ EU,)+ Σ τ, Σ 

ἡ: = δ Umn— - Δ) ῈΣ, n— 23 (Umn— Un) = P+Q+R, 
οο 

say, 80 that 0< 2 mn < [P[+|Q|+ ||. 


We can choose N(e) so that [0] < ε; and, when MN(e) is fixed, we can choose 
M(e, N) = M(e) so that |P| < ¢ and |R| -« ε form > M(e). Thus 


οο 
(α) 0< Σ uma < 8e- 
N+1 
form > M(e)and N = N(e), and therefore (since umn > 0) form > M(e),N > N(e). But 


when M(e) is fixed we can choose N,(e) > N(e) so that (a) is also true for 0 << m < M(e) 
and N > N,(e), and therefore true for N > N,(e) and all m. 
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We have therefore to prove that (3.4.3) is ἃ necessary condition for 
a transformation T, with 8, = 0, to belong to T*. 

If (3.4.3) is false, there is a number y > 0, and a sequence (m™), such 
that 
(3.4.4) Ym = lemnl > 


when m = m™ and 1-00. We shall then define a bounded sequence 
(s,,) such that ¢,, does not tend to a limit when m > oo through (γι). 

We construct increasing sequences (m,) and (n,), the first a subse- 
quence of (m™), as follows. Suppose that m,, mo,..., m,_1, and 721; No,..., Np 
have been determined. Since y,, > y and c,,, > 0 when m — oo, we can 
choose an m, > m,_, in (m™), so that 


Ny 
(9.4.5 [¥m,—y] < 27, (3.4.6) Σ lCmpn| < 27. 
Since ¥ |¢n,n| is convergent, we can then choose n,,, > 7, so that 


(3.4.7) > Caan 2s 


Ny itl 


and it follows from (3.4.4)—(3.4.7) that 


(3.4.8) > δα ΞΕ. < 3.27. 
ἩΡΤῚ 
We now define s,, by 
(3.4.9) δ = 0 (n -- 4); Sp = (—1) sgn cnn (n, <NS 1,41) 


forr = 1, 2,.... Then |s,| < 1, and 


Ny © 
(3.4.10) | Σ Op 4S 2: DC eat ee 2: Ὁ, 
0 Neti +1 

by (3.4.6) and (3.4.7). Also 
Np +1 N+) 
> Cm,,n Sn = (—l)y ἰδ γα,» 
Ή,-1 Net1 

by (3.4.9); and so 
ἢ, 

(9.4.11) Σ Cin 8 SAY Y < 3.27 
Np +1 


by (3.4.8). Finally, by (3.4.10) and (3.4.11), 
Ibm —(—1)*¥] < 5.27; 


and therefore ¢,,, does not tend to a limit. This completes the proof 
of Theorem 3. 
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3.5. Variants and analogues. There are many variants of the 
theorems of §3.2, which we shall not attempt to enumerate systema- 
tically. We mention only a few which will be useful to us later. 

(1) The first concerns sequences which tend to zero. 


THEOREM 4. In order that s, > 0 should imply t,, > 0, it 18 necessary 
and sufficient that condition (3.2.3) of Theorem 1 should be satisfied and 
that Cy» should tend to 0 for each n. 


The sufficiency of the conditions follows from the argument of ὃ 8.8 (1), 
with 5, = 0 and s = 0. In this case the condition that c,, should tend 
to a limit isnot wanted. The argument of § 3.3 (2), (a) and (c), also shows 
that the two conditions retained are necessary, but that of (δ) is 
inapplicable. 

(2) There are analogues in which m is replaced by a continuous 
parameter x. Thus the analogue of Theorem 2 is 


THEOREM 5. Suppose that x 1s a continuous parameter which tends to 
infinity, and that 


(3.5.1) t(z) = > c,,(x)8_. 

Then the conditions (i) that ¥ |c,,(x)| should be convergent for x > 0, and 
(3.5.2) > |c,(x)| < H, | 

where H 1s independent of x, for x > Xp; (ii) that 

(3.5.3) c,(x) > 0, 

when x -> 00, for every n; and (iii) that 

(3.5.4) > c,(x) > 1, 


when x->00; are necessary and sufficient that t(x) should be defined by 
(3.5.1) for x > 0, and tend to s when x > ©, whenever s,, > 8. 


In this case also we call the transformation T defined by ¢(x) regular. 

The theorem may be proved by an argument like that of §3.3. But 
it is a corollary of Theorem 2. For, first, the conditions ensure that 
t(x) > s when x > οὐ through any sequence (z,,) tending to οὐ, and so 
generally. Secondly, if condition (i) is not satisfied, then either the 
series > c,(2,,) diverges for some z,, > 0, or 


lim > lCmn,n| = lim > len (2m) = 0 


when x ->0o through some sequence (z,,) tending to 0. But then, by 
Theorem 2, there are sequences (s,,) for which s,, tends to s and 


. t(Xy) ἘΠῚ > Cmn Sn 
4780 E 
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is either not defined for some z,, or does not tend to s. This proves 
the necessity of (3.5.2), and that of (3.5.3) and (3.5.4) is obvious. 

There are obviously similar theorems in which x tends to a finite limit 
a (or a+-0 ora—0). These are derivable by trivial transformations, and 
we shall regard them as included in Theorem 5. There is also an 
analogue of Theorem 4 with a continuous parameter x, which we do 
not state explicitly. 

(3) There are similar theorems concerning integral transformations 


(3.5.5) u(ar) = [ o(x,y)s(y) dyst 


but they are a little less symmetrical, since the kernel c(x, y) may behave 
in a more complex way for finite x and y than a function of integral 
variables. We therefore confine ourselves here to the statement of 
sufficient conditions (which are all that we shall Betuany. need), and 
suppose s(y) bounded for all y. 


THEOREM 6. In order that 


(3.5.6) s(y)>s (y>o) 
should imply 

(3.5.7) t(x)>s (x%>o) 
for every bounded s(y), it is sufficient that 
(3.5.8) [ lee, w)l dy < Η, 


where H is independent of x, that 
Υ 
(3.5.9) [ lc(a, y)| dy > 0 
0 


when x -> 00, for every finite Y, and that 
(3.5.10) | c(x,y) dy >1 


when αὶ -» οὦ. 


The proof is like the sufficiency proof in §3.3. We suppose first that 
s= 0. Then 


Υ̓͂ oe) 
u(n) = { clw,y)sty) dy + { c(w,y)s(y) dy = U+Y, 
0 Y 


¢ Integrations are over (0,00) unless the contrary is indicated. The integral (3.5.5) is 
defined, in general, as 


Y 
lim { o(@,y)a(y) ἂν; 
Yoo 0 


but in Theorem 6 it is absolutely convergent. 
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say. We can choose Y so that |s(y)| < «/2H for y > Y, when 
Vi <a | le@maldy < ἦε; 
Υ 


and U -> 0 when Y is fixed and x->00. Hence t(x) -» 06. We then pass 
to the general case by replacing s(y) by s,(y) = s(y)—s. 

The transformation (3.5.5) includes those considered before as special cases. 
If s(y) = 8,, c(z,y) = c,(z) forn < y < n+l, then U(x) = Σ᾽ c,(x)s_, the trans- 
formation of Theorem 5. If we then restrict x to integral values m, we obtain 
that of Theorem 2. 

The form of (3.5.9) is not quite parallel to that of (3.2.4) with 6, = 0. The 
parallelism would be restored if we wrote the latter condition, as we might, in 
the form 


γι 
> |¢m,»| — 0. 
v=0 


(4) We may also frame theorems in terms of series instead of 
sequences. There are two in particular which are familiar in elementary 
analysis, and concern transformations of the classes T, and Tf. 

THEOREM 7. Jn order that > x, 4, should be convergent whenever > a, 
as convergent, rt 1s necessary and sufficient that 


(3.5.11) > [Axn| = > Xn Xn41| < 0. 

THEOREM 8. In order that > x,,a, should be convergent whenever 
S, = )+a,+...1+a, 18 bounded, tt is necessary and sufficient that (3.5.11) 
should be satisfied and that x,, should tend to zero. 


If ¢,, is the. partial sum of > y,,@,, then 


γι m—1 
tn = Σ Xn bn = ὩΣ (X= ἘΧα Sim) 


so that 
Cnn = AXn (0 πη « m), Xm (1 = m), 0 (7% = m), 
and 
m-1 
(3.5.12) Ym = > |Axnl+lxml- 


0 
We have to show that, for this ¢,,, the conditions of Theorems 7 and 8 
reduce to those of Theorems 1 and 3 respectively. 

It is plain from (3.5.12) that (3.2.3) implies (3.5.11). Conversely, if 
(3.5.11) is satisfied then > (x,—x,41) is convergent, so that x, tends to 
a limit x. A fortiori it is bounded, and then (3.2.3) follows from (3.5.12). 
Thus (3.5.11) is equivalent to (3.2.3). 


7 So far as the sufficiency of their conditions is concerned. 
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Next, Cnn = Δχῃ for m > ἢ, so that c,,, > Ax, = ὃ, when m >; 
and 


m—-—1 
Cn ΞΞ Σ χη ΧΑ = Ke. — ὃ. 


Thus the conditions (3.2.4) and (3.2.5) are satisfied without further 
restriction on y,. This proves Theorem 7. 

The additional condition for Theorem 8 is, by Theorem 3, that > |¢p,n| 
should be uniformly convergent, and this, as we saw in ὃ 3.4, is equivalent 


to 
Σ Cen Pal 
--1 οο 
But here this is ἋΣ [Axnl+lxm! >> |Arnl, 
Ὁ 0 


ie. > |Ay,,| < οὐ together with x, 0. This completes the proof of 
Theorem 8. 

We can naturally prove Theorems 7 and 8 directly without appealing 
to the more difficult theorems from which we have deduced them here. 

(5) We conclude this section with the observation that the classes 
x, and ΖΦ, both subclasses of T,, are mutually exclusive. If T belongs 
to TF then > |c and a fortiort > C,»,, is uniformly convergent, so 
that 


ae 


> δ. = Dd lime,,, = lim dc,,, = lime,, = δ. 
But this is impossible when T is regular, since then 6, = 0 for all n 
and ὃ = 1. 


3.6. Positive transformations. In this section we shall be con- 
cerned exclusively with regular transformations. There is one parti- 
cularly important subclass of such transformations, in which 


(3.6.1) Cx 0 


for all m, n or at any rate for n > ἤρ. We call such a transformation 
a positive (regular) transformation. 

If T is regular then c,,,,-> 0, when m -> οὐ, for every ἢ, so that the 
Cmm With n < ἢ do not affect the behaviour of #,, for large m. It is 
therefore of little importance whether we suppose c,,,, > 0 for all m 
and x or only for n > np. 


THEOREM 9. If T is regular and positive, and s,, real, then 


(3.6.2) lims, < limt,, < limt, < lims, 
n> m—0 m—o n—>co 


for any (s,,). In particular s, > 8 implies t,, > 8 for finite or infinite 8. 
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If lims, = σ is finite, then s, > o—e for n > N = N(e). We may 
suppose NV > np, and then, by (3.6.1), either t,, = 00 or 


N οο Ν oo 
tb, = > CnSnt > CrnSn = > Cnn Sant (O—€) > Corn: 
m 2 Mn ~nN p> met n= 2 m,n ~T% Pak mn 


The first term on the right tends to 0 when m ->0o, and the second to 
a—e, so that t,, > o—2e for sufficiently large m. Hence 


limt,, 2 σ = lim. 


The proof of the last inequality (3.6.2), when lim, is finite, is similar. 

If lims, =0o (so that s,-—>0o), then s, >G for any G and 
n > N = N(G) ΣΞ πο; and either t,, = οὐ or ἐμ > 4G for sufficiently 
large m, so that t,,-> οὐ. The case in which lims, = —oo is similar. 

The last clause of Theorem 9 suggests a further interesting problem 
concerning real transformations. We may say, as in § 1.4, that a real 
transformation T is totally regular if s, — s implies t,, > s for all finite 
or infinite s. The conditions of Theorem 2 must then be satisfied, and 
it is natural to ask for additional conditions necessary and sufficient 
for total regularity. The general conditions are rather complex, and 
we confine our attention to ‘triangular’ transformations 


με 
(3.6.3) tn = > Cnn Sn 
in which c,, , = 0 for n > ἢν. 


THEOREM 10. In order that a real transformation (3.6.3) should be 
totally regular, it 1s necessary and sufficient that it should be regular and 
positive. 


After Theorem 9, we have only to prove that, if T is totally regular, 
then Cy», = 0 for n > np. 

If the condition is not satisfied, there are negative c,,,, With arbitrarily 
large n and, since c,,,, = 0 when n > m, also with arbitrarily large m. 
There is therefore a sequence (m,) of m such that (1) c,,,,, < 0 for some 
n, (2) if n,,, 1s the rank of the last such c,,,,,, then n,, < m, and n,,, tends 
to infinity with m,. 

In what follows we consider only values of m in (m,), and write m 
simply for m,;. Starting with an arbitrary m,, we define sequences (m,)t 
and (s,) as follows. Suppose that we have determined m,, mg,..., m,, 
the corresponding values of n,,, and those of s, for n <m,. Since 


T (m,) is naturally a subsequence of what we first called (m,). 
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Nm <M, 7, tends to infinity with m, and c,,,,-> 0 for each n when 
ἣν —> oo, we can choose m,,, so that m,,1 > %m,,, > m, and 


Me 41,7 Sn 


This defines (m,) by recurrence; and we then define s,, form, <n < ™,,), 


by | 
m2 
S_ ΞΞ ἢ (M, «Ξ ἢ TK Mpyy, NM F Mm, κι)» s, = —t _(a= Mm, 41): 
Cry νέην 1 
‘Then s, > οὐ (since |c,,| < H), but 


= Sc = 
8. Cc 8 
ς Crp 41,0 wat Mr ιν ON 


Mr+1 


<1+M,,, |r μα Mra < 14+Hm,..—m; 41. 
Mer : 


Hence t,, -> —oo when m = m, and r > οὐ, and T is not totally regular. 


The following examples may help the reader to appreciate the various 
possibilities. 

(i) The transformation in which Cm = 2» ὄπα = —1, and Cm» = 0 other- 
wise, is regular but not totally regular. Thus if s, = 2", t, = 0 for all m. 
If 8, = 3”, then s, —> οὐ but ἐμ, -Ὁ — οὐ. 

(ii) The transformation 

ln = ot ert. -+8m_1)— nom 
which is of type (3.6.3), is regular but not totally regular; for if s, = n+1, then 
8, “Ὁ 0 but ἔμ, = 1 for all m. 
(iii) The transformation defined by the matrix 


1 Ὡξῶθι 2% τὺ 
0 Ι: ἘΞ 5 2° 
0 0 1 —2-8 
0 0 0 ] 


is totally regular. The conditions of Theorem 2 are satisfied, and 
ben = 8,,.-- Sg ἘΦ ΤΡ Sigg tomas tee 
If s,, -- 0, then there are two possibilities. If > 2: ἤδη is ioeeieuts then t,, = © 
for all m. ΤῈΣ 2-"s, is convergent, then 2-"18m,, = 0(1) and ty, > &,—0(1) > ©. 
3.7. Knopp’s kernel theorem. There is an interesting generaliza- 
tion of Theorem 9 for complex sequences, due to Knopp. We follow 
Knopp in stating it for the general integral transformation (3.5.5). 
We call the transformation positive if c(z,y) > 0 for all x, y.t The 
conditions of Theorem 6 then reduce to 


(a) (x) = | (x,y) dy 


+ The condition strictly parallel to that of ὃ 3.6 would be ‘c(x, y) > 9 for y > Y’, 
We take Y = 0 to avoid minor complications. 
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is bounded and tends to 1 when x > 00, and 
Υ͂ 
(6) | e(x,y) dy > 0 
0 
when x->00, for every finite Y. We shall suppose throughout that 
these conditions are satisfied, and call such a transformation normal. 

We state our results in terms of the complex plane w = u-+-1v with 
a single point w=oo at infinity. Given any set S of points w 
(w + 00), we define the least closed convex region Καὶ including S (the 
“convex cover’ of 3) as follows. If there is no closed half-plane including 
S, then K is the whole plane, including oo. If there are such half-planes, 
then K is their common part. We count oo in K when S is unbounded 
but not when it is bounded: in any case K is closed. Thus if S is a single 
point, A is that point; if S consists of two points, K is the straight 
segment joining them; if S is the real axis, K is the real axis with the 
point oo; if S is the real and imaginary axes, K is the entire plane. 

Suppose now that s(y) = u+iv is a complex function of the real 
variable y, defined for y > 0 and bounded in any finite interval (0, Y). 
We define K(s, yg) as the least closed convex region K including all values 
of s(y) for y > yy: thus K(s, y,) is included in K(s, y,) if yz > y,. Finally, 
we define K(s), the kernel of s(y), as the common part of all K(s, y); 
and Κα), the kernel of t(x), similarly. 

If s(y) tends to a finite limit a when y + οὐ, K(s) is the point a. If s(y) 
is real, K(s) is the stretch lim s(y), lim s(y) of the real axis, together 
with the point oo if either lim s(y) = —oo or lim s(y) = 00. In any case 
K(s) cannot be empty, since it is the limit of a decreasing sequence of 
non-empty closed sets; but it may consist of the single point oo. 

If K(s) is the single point 00, we say that s(y) diverges to oo. When 
8(y) is real, this implies that s(y)—>0o or s(y) > —oo. The definition 
gives an appropriate generalization of the notion of ‘proper divergence’ 
for complex functions. 

We can now state Knopp’s theorem. 


THEOREM 11. If the transformation (3.5.5) is normal, and t(z) exists 
for x > 0, then K(t) 1s included in K(s). 


In particular this is true, with the obvious modifications in the 
definitions, for a regular and positive transformation (3.1.3). 

We may assume that K(s) is not the entire plane, since in that case 
there is nothing to prove. Thus what we have to prove is that any 
point w outside K(s) is also outside K(t). If w is outside K(s), it is 
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outside K(s, ¥9) for some yo. Thus we have to prove that ἡ w is outside 
Κίϑ, Yo), γ᾽ 1s outside K(t, x9) for some x». We must distinguish two cases. 

(1) Suppose that w 00. We may then suppose (making a transla- 
tion if necessary) that w = 0. Since K(s, ψο) is closed, there is a point 
w, of K(s,y,) whose distance from w= 0 is a minimum.t We may 


suppose (making a rotation if necessary) that the plane is so oriented 
that 
Wy = Wy—w = 44 > 0. 

Then, since K(s, yy) is convex, all of its points, and a fortiori all points 
of any K(s,y) with y > yo, have abscissae at least 4d. Thus Rs(y) > 3d 
for y > Yp. 

Since s(y) is bounded in any finite interval of values of y, there is an 
M such that |s(y)| < M for0 <y < yp. Since 


Yo © 
[ c(x, y) dy > 0, [ c(xz, ψ) ἂν -» 1 
0 0 


when x —> οὐ, we can choose 2, so that 


Yo d me 
{ (x,y) dy <r { e(z,y) dy > 3 


0 Yo 
for x >2,. It then follows that 


az) = w{ [efx u)ety) dy} ΕΓ f ete, y)oty) ay] 


> —M(dM-)+2.3d = —d+2d=d 
for x > 2p, and that w = 0 is outside K(é, 5). 
(2) Suppose that w = oo. In this case K(s, ψο) is bounded; and s(y) 
is bounded for y > y, and therefore for all y. Hence |s(y)| < N for 
some J, and 


t(w)| <N | o(@,y) dy, 


so that é(x) is bounded. Thus w = οὐ is outside K(é,x) for any 2». 
This completes the proof of Theorem 11. In particular, ¢(z) diverges 
to oo if s(y) does so. 


3.8. An application of Theorem 2. Any transformation (3.1.3) 
may be used to define a method of summation of series: if 
Sy ΞΞ Ay +a,+...+a,, 


+ Actually, since K(s, yo) is convex, there is just one such point; but this is not 
required for the argument. 
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t,, is defined by (3.1.3), and ἔμ -Ὁ 8, then we may say that > a, is 
summable (T) to sum s, and write 

8,28 (T), >Ya,=s (T). 
We call the method regular if T is regular, so that a regular method is 
one which sums every convergent series to its ordinary sum. 

We shall use Theorem 2 in the next chapter to prove the regularity 
of the methods of summation most useful in analysis. Here we apply 
it to the proof of a theorem, which we shall need later, about methods 
of less general importance. 


If 
(3.8.1) Pn = 9, Py > 9, > Pp = © 
(so that P, = potpit-.-+Pn > ©), and 
(3.8.2) tn = Po So tP1Si+---+Pn Sn >s 
PotPit--+Pn 
when ἢ —> οὐ, then we say that 
(3.8.3) Sy > 8 (Ν,»,.}.7 
We prove first 
THEOREM 12. The method (N,p,,) ts regular. 
Here 


Cm,n Ἐπ Pnl Pn (2 - m), Cmn = 0 (n > m), 
> lCm nl — > Cnn ΞΞ I, 

and C,,,, > 0 for each ἢ. Thus the conditions of Theorem 2 are satisfied. 
In particular, the (C, 1) method, in which p, = 1, is regular. 

In what follows we suppose, to avoid minor complications, that 
Py > 0 for all n. We prove first 

THEOREM 13. If p, > 0 and s, >s (N,p,), then 

8, —-§ = o(P, nl Pn) 
For 
Pn8n = Ptp—Pr—atna = 8(δ0-- ἢ. Δ) FOF) = 8Pn +O(F,)- 

In particular, s,—>s ἀν implies s,—s = o(n), and so 8, = o(n), 
a, = 0(n). The theorem is one of an important class which we may 
call ‘limitation theorems’. There is a limitation theorem associated with 
any useful method of summation, asserting that it cannot sum too rapidly 
divergent series. | 

The next theorem, which is the main theorem of this section, concerns 
the relations between the methods corresponding to two different 
sequences (p,,) and (q,,). 


t The reason for this notation will appear in the next chapter. 
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THEOREM 14. If p, > 0, dn, > 0, > pp = 0, Σ φ, = 00, and 
either (a) 


(3.8.4) In+1/Un < Pn+ilPn: 

or (ὁ) 

(3.8.5) | PnsilPn -- In+1/Un 

and also 

(3.8.6) FIPn Ξ Ηρ, [ᾳ,» 

then Σ᾽ a, = 8 (N,p,) implies > a, = 8 (N,q,). 
If 


bm = (980. Ε}ι81.1...-Ἐ},. 8.) ἢ.» Um = (90 89-91 81 +++» +4 Sm)/Qms 


then 
Pos = Loto, Pm8m = Pintm—LPn-1tn-1 (m > 0), 
and so 


Ι (4 q q 
3.8.7) Up, = —|29 Py ty +22 (Bt, —Pyt) +... +22 (Pb — Pa bn } 
( ) | ἣ 0”’0 τ 151 0 ο) ταὶ γι m 1 1) | 


Thus u, = > Cnnty, where 
Imm 
Pm Qn 
and 0 form > m. Since Q,, - οὐ, Cm» -> 0 when ἡ is fixed and moo. If 
S, = 1 for all n, then t¢,, = 1 and u,, = 1, so that 
(3.8.9) Dt ΞΞῚ 
for every m. Hence the transformation (3.8.7) satisfies conditions (3.2.4) 
and (3.2.5) of Theorem 1, with 6, = 0 and ὃ = 1. 

It remains to verify that it also satisfies (3.2.3). In case (a), Can = 9 
Σ lemn|l = X Cmn and (3.2.3) follows from (3.8.9). In case (6), Gmn <0 
except when n = m, while c,,,, > 0. Hence 


00 m—1 P 
> lCnn| pea 2 ton ’ 
0 m 


(3.8.8) Cm, = [35 fa) (n <<), (n =m), 


nN, Pn+i Ym 


=P ae 6 
Σου =F ma tg 
Ee of 
so that > lemnl = 2-2 —1 < 2H—-1, 
Pm @m 


by (3.8.6), and (3.2.3) is satisfied with 2H—1 for H. Thus in either 
case (3.8.7) is regular, and the result of the theorem follows. 

Roughly, in case (a) > q, diverges less rapidly than > p,, while in 
case (δ) it diverges more rapidly, but not too much more rapidly. If 
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Pn = 2, Un = n6, then the first condition is satisfied if« > Bp > —1, 
and the second if B > α > —1 (since P,/p,, and Q,,/q, are each asymp- 
totic to a multiple of n). If p, =1, 4, = 2", then P,/pra~%, 
Q,,/In > 2, and the theorem fails. 

In fact, when > q, diverges rapidly, the method (N,q,,) becomes 
trivial, in the sense that it will sum convergent series only. This is 
shown more precisely by the following theorem. 


ΤΉΒΟΒΕΜ 15. If Qni;/Qn = 1+8 > 1, then > a, cannot be summable 
(N,q,,) unless it is convergent. 
For QmUm = 1oSo+---+%m Sm» and 80 


(3.8.10) 8m = (Qin m Qm-1 Um—1) γι = > Cnn Un 
where . 
(3.8.11) Cnm-1 = —Qn—1/%n> Cnm Ξ QmlUn 


and the remaining c,,,, are 0. Plainly c,,, > 0 when m —0o, and 


Σ Cnn = (Qm— Qm—1)/Un ἔρον Τὶ 
Also Im = a δ0,..., and so 


> Creal = (Q:n—-1 + Om) Im = 2(Qn- ιἰ4,.}- Ὁ} < 26-1+- 1. 
Hence the transformation (3.8.10), from u,, to s,,, is regular, and s,, > 8 
-whenever wu, —> 8. 

Thus the series 1—1-++-1—..., which is summable (N, 1), i.e. (Ὁ, 1), is 
not summable (N, 2”). The theorem illustrates a general principle, of 
which we shall find many other illustrations later, that too violent a 
method of summation tends to defeat its own object by becoming 
‘trivial’: the more delicate methods are often the more effective. Thus 
the means defined by p, = (n+1)-1, for which | 


bn = p(0+2 fe τ πὶ πεπρνἘΞ beet 


I 
m-+ aa) ~ log m m-- =n). 
are more effective than the (C,1) means. They sum any series sum- 
mable (C, 1), and also series such as > n-1—“ for which the (C, 1) method 
fails. We shall return to these means (‘logarithmic’ means) in § 4.16. 


3.9. Dilution of series. One simple application of Theorem 14 is to what 
Chapman has described as the ‘dilution’ of series. The convergence or divergence 
of a series is not affected by the insertion of zeros as extra terms: if either of the 
series d)+a,+a,+... and 0+0+...+a,+0+...+a,+0+... converges, then the 
other converges to the same sum. But such a change may destroy the summa- 
bility of a divergent series, or change its sum. Thus the series 


1—1+1-—..., 1—1+0+1—-1+40+1-... 


are summable (C, 1) to the sums 4 and } respectively. 
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Let us consider, for example, the relations between the (C, 1) summability of 
> a, and that of 
(i) Σ δ, = ap ta,+0+0+a,+0+0+0+0+a,+..., 
(11) > 6, = 0+a),+a,+0+a,+04+0+0+a,4+0+..., 
in which a,, occurs in ranks m? and 2™ respectively. 

(i) Ifm? <n < (m+1)? then 

th= Σ ὃν τ, Σ On = Syn 
ven m<n 

Hence, if M* < N < (M+1)*, we have 


3.9.1 0 1 N = 9 1 M—1 
Meer) N+1 N+1 Twi “Μ' 
The left-hand side of (3.9.1) tends to s if and only if > 6, = 8 (C,1). Also 


Ν-ΓΙ ὦ M?, and so the first term on the right tends to 8 if and only if 

> an = 8 (N, 2n-+1), 
and this, by Theorem 14, is equivalent. to > a, = s(C,1). Finally, if either of 
these hypotheses is satisfied, sy = o(M), by Theorem 13, so that the last term 
in (3.9.1) is oj M.M.M-*) = ο(1). It follows that > 6, 7s swmmable (C, 1) to 8 if 
and only if > a, is summable (C, 1) to 8. 

(ii) In this case a similar argument shows that the summability of > 6, implies 
that of > ας; but the converse is not true. Suppose, for example, that a, = (— 1)", 
when δ᾽ a, is summable to 4. Then it is easily verified that 

Ep ttjt...tt, = 4(2?"—-1) 
for 22™-1 < n < 22™_], go that the (C, 1) mean changes from about ὶ to about $ 
when n increases over this interval. 

It is natural to ask what is true of the corresponding Abelian limits. We shall 
prove in ὃ 4.10 that, if a, — (— 1)", the series (i) is summable (A) to 4. We shall 
also prove that x—2z*+2—..., where a is greater than 1, does not tend to a limit 
when 2x - 1, so that, in particular, the series (ii) is not summable (A). 

It is easy to prove directly that 

> a,r™ > 3s—> Dayz" —>s, 
whenever > a, 2" is convergent for |x| < 1; and we shall prove more general 
theorems of this kind, due to M. L. Cartwright, in Appendix V. 


NOTES ON CHAPTER III 


§ 3.2. The most fundamental theorem, Theorem 2, is due in substance to 
Toeplitz, PMF, 22 (1911), 113-19. Toeplitz considers only ‘triangular’ trans- 
formations in which cy., = 0 for n > m. The extension to general transforma- 
tions, which involves no difficulty of principle, was made by Steinhaus, ibid. 
121-34. 

Theorem 1 was proved for triangular transformations by Kojima, TMJ, 
12 (1917), 291-326, and independently, for general transformations, by Schur, 
JM, 151 (1921), 79-111. Schur also proved Theorem 3 in the same paper. 

A number of other general theorems will be found in Dienes, ch. 12. 

§ 3.4. For Dini’s theorem, in its usual form, and connected theorems concerning 
uniform convergence, see Dini, Grundlagen fiir eine Theorie der Funktionen einer 
verdnderlichen reellen Groésse, 148-50; Bromwich, 138-41; Hardy, PCPS, 19 


(1918), 148-56. 
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We have supposed in the text that the series for ἐμ, converges for all m. We 
may if we please allow it to diverge for a finite number of values of m, i.e. suppose 
it convergent only for m > m,. Here m, may prima facie be m,(8), i.e. depend 
upon the sequence (s,,); but it follows from a theorem of Agnew, BAMS, 45 (1939), 
689-730, that if the series converges for m > m,(s) whenever s, tends to a limit, 
then > |¢mn| < οὐ for m > m,, so that we may replace m,(s) by a number m, 
independent of (s,). See also Rogers, JZLMS, 21 (1946), 123-8, and the note on 
§ 3.6. 

§3.5(3). It may be advisable to add a note about necessary and sufficient 
conditions for the regularity of the transformation (3.5.5), though the further 
points at issue, depending as they do on the behaviour of c(z,y), s(y), and ¢(2) 
for finite 2 and y, belong to the theory of functions of a real variable rather than 
to that of divergent series and integrals. There is a much fuller discussion of 
them in Agnew, 1.6. supra. The materials required for the discussion will be 
found in Hobson, 2, ch. 7, and are due in part to Lebesgue and in part to Hobson 
himself. 

In the text we assume s(y) bounded for all y, and prove that the conditions 


(A) γί) =f lez y)ldy< H, (Β) [{6(α,ν) dy 1, 
, 
(C) lc(x,y)| dy—>0O for every finite Y 
0 


are sufficient. It is plain, since ¢(x) need exist only for large 2, that we may 
replace (A) by 


(A’) y(x) < H [ον sufficiently large x. 
It may be proved that (A’), (B), and 
Y 
(C’) [ c(z,y) dy -»  Ο for every finite Y, 


0 
are necessary conditions. The argument is much like that of § 3.3 (in the case 
5, = 0,6 = 1), but, as Dr. Bosanquet has pointed out to me, an additional lemma 


is needed, viz. if 
Y 


φία, ¥) = | e(x,y)s(y) dy 
0 


exists for every finite Y and bounded s(y), and d(x, Y) — 0 when x -- οὐ, then 
᾿ , 
— f ley) dy < K(¥), 
0 
where K(Y) depends only on Y, for sufficiently large x. This result, which is true 
also if s(y) is restricted to be continuous, is a corollary of what is proved in 
Hobson, 2, 432 and 44]-8. 

This, however, leaves a gap between (C’) and the stronger condition (C). The 
gap disappears when c(z,y) > 0; and in the general case we may fill it as follows. 
If we consider any bounded measurable set E of positive y, and take s(y) = 1 in 
£ and 0 outside E, then s(y) — 0; and therefore, if the transformation is regular, 


(C”) [ c(z,y)dy—>0 for every bounded measurable E. 
E 


This necessary condition is stronger than (C’) but weaker than (C), and it can 
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be shown that, with (A’) and (B), it is also sufficient. For, by another theorem of 
Hobson and Lebesgue, (A’) and (6) imply 

Y 

(cx) J ele, y)e(y) dy > 0 

0 
for every finite Y and bounded s(y); and this is all that is needed to complete 
the proof of sufficiency. The theorem required, which is one of the cases of 
Hobson’s ‘general convergence theorem’, will be found in Hobson, 2, 431. 

Thus (A’), (B), and (C”) are necessary and sufficient conditions for the regularity 
of (3.5.5), when we restrict ourselves, as in the text, to bounded s(y). This is 
proved by Hill, BAMS, 42 (1936), 225-8. Since we are concerned primarily with 
the behaviour of s(y) when y —> οὐ, there is no real loss in the restriction. 

If we restrict s(y) a little more, we can replace (C”) by the weaker condition (C’). 
Let us suppose, for example, that the only discontinuities of s(y) are jumps. Then, 
by another case of Hobson’s convergence theorem (p. 432), (A’) and (C’) imply (a), 
so that (A’), (B), and (C’) are necessary and sufficient when s(y) is restricted in 
this way. 

We may also make (C’) one of a necessary and sufficient set of conditions by 
restricting c(x, y) instead of s(y). If, for example, c(xz,y) is bounded, then by a 
further case of Hobson’s convergence theorem (p. 423), (C’) alone implies (a), 
and (A’), (B), and (C’) are again necessary and sufficient for regularity. In this 
case s(y) need not be bounded. 

Finally, as Dr. Bosanquet has also pointed out to me, we may get rid of all 
these restrictions on either s(y) or σία, y) by using yet another theorem of Hobson 
and Lebesgue (Hobson, 2, 422-3 and 438-41), and adding a fourth condition to 
(A’), (B), and (C’), viz. 

(Ὁ) if C(x,Y) is the essential upper bound of |c(x,y)| in (0,Y), 2.6. the upper 
bound when sets of measure zero are neglected, then C(x,Y) < L(Y) for every finite 
Y and sufficiently large x. 


In fact (A’), (B), (C’), and (D) are necessary and sufficient conditions that 
t(z) > 8 whenever s(y) is any function of y which.is integrable in every finite 
interval and tends to s when y —> ©. 

This problem was considered first by Silverman, TAMS, 17 (1916), 284-94, 
and Kojima, 7MJ, 14 (1918), 64-79 and 18 (1920), 37-45. Kojima proves an 
analogue of the more general Theorem 1. Both Silverman and Kojima suppose 
s(y) bounded and restrict c(z, y) more severely, assuming it continuous, uniformly 
in z, in any finite (0,Y). This assumption enables them to replace (C’) by the 
much more drastic condition 


(C’”) c(x,y) > 0 uniformly im any finite (0, Y): 


a condition stronger even than (C). 

(4) The sufficiency parts of Theorems 7 and 8 are classical and will be found 
in all the text-books: see, for example, Bromwich, 58-60; Hardy, 379-80. 
The necessity of the conditions was first proved by Hadamard, AM, 27 (1903), 
177-83. There are, of course, corresponding theorems for integrals. 

Similar theorems for double series were proved by Hardy, PCPS, 19 (1917), 
86-95, and Kojima, TMJ, 17 (1920), 213-20. All these theorems have been 
generalized widely in different directions: see Moore, Convergence factors, and 
Ch. VI. 
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§3.6. Theorem 10 was proved by W. A. Hurwitz, PDMS (2), 26 (1926), 231-48. 
The more complex conditions for total regularity of the general transformation 
(3.1.3) were found by H. Hurwitz, BAMS, 46 (1940), 833-7. 

The definition of total regularity is to be understood in a sense like that 
explained for the A method in §1.4. If, for example, 8, — oo, then the series 
tm = > Cnn8n Must, for each m > m, where m, = m,(s) may depend on the 
sequence (s,) in question, either converge or diverge to oo; and the values of ¢,,, 
when the series is convergent, must tend to oo with m. H. Hurwitz shows that 
then cy, > 0 form > m, and n > N(m), i.e. that there can be at most a finite 
number of negative coefficients in any sufficiently advanced row of the matrix 
of Τὶ but this condition is (as an addition to those of Theorem 2) necessary only 
and not sufficient. Incidentally it follows that m,(s) may be replaced by a number 
m, independent of (s,,). 

§ 3.7. Knopp, MZ, 31 (1930), 97-127 and 276—305. 

§ 3.8. Theorem 14 is due to Cesaro, Atti ἃ. R. Accad. d. Lincei [Rendiconti 
(4), 4 (1888), 452-7]. It was rediscovered by Hardy, QJM, 38 (1907), 269-88 
(271), and is attributed to Hardy in Borel’s book (p. 115). See also Bromwich, 427. 

The condition >} p, = οὐ is not used explicitly in the proof, and is in fact 
implied by the other conditions. If condition (a) is satisfied, then > p, obviously 
diverges at least as rapidly as > q,. If conditions (Ὁ) are satisfied, then the 
divergence of > q, implies that of > (¢,/Q,) by a familiar theorem of Abel [see, 
for example, Hardy, 421, 442]; and this, by (3.8.6), implies the divergence of 
Σ (Pn/P,) and so of > py. 

§ 3.9. If > a,2" is convergent for |x| < 1, and 


φίν) = Σ ay,e-™, ly) = Da,e"v (y> 0), 
then it follows from the formula 


2 dt 
—any —. —ntyttt—1/t2 2" 
ὲ Nor [ : ἐξ 
2 dt 
that $(2y) = τ | Ply? )eNe 


and the theorem stated is an easy deduction. Compare the proofs of Theorems 
28 and 30 (§ 4.8). 


IV 
SPECIAL METHODS OF SUMMATION 


4.1. Nérlund means. Our main object in this chapter is to enu- 
merate some of the methods of summation which have proved most 
useful in analysis and to establish their regularity by means of Theorem 
2; but we shall add a good deal of additional matter. Some of the 
most important methods, for example Cesaro’s, will be considered in 
much greater detail in later chapters, and these we shall dismiss shortly 
here. 

The (C, 1) method of §1.3 is the simplest of what are usually called 
Norlund methods, though a definition substantially the same as Nor- 
lund’s had been given previously by Voronoi. 

We suppose that 


(4.1.1) Pn z= 0, Po 2 0,7 P= PotPit---FPn 
and define t,, by 


4.1.2 t, = NPs — Pm So TPm-1 81 ++ F Pos 

( , PotPit---+Pm 

If t,, > 8 when m > οὐ, and s, = a@)+a@,+...+4a,, we shall write 
(4.1.3) 8,. —> 8; > a, = 8 (N,p,). 


If p,, = 1 for all n, then ἔμ is the (Ὁ, 1) mean of s,; if 
_ [ntk—-l1\ _— '(n+&) 
Pu~\ py J Pint (b)’ 
where k > 0, then it is the (Ὁ, ζ) mean.{ Usually, as in these cases, 


> p, Will be divergent, but this is not essential. Thus, if Po = =p, = 1, 
and the remaining p,, are 0, then 


tn = 3(Sm—1 +m); 


and we obtain the means 501) referred to on p. 21. 


4.2. Regularity and consistency of Nérlund means. We begin | 
by determining the conditions that the means (4.1.2) should be regular. 


THEOREM 16. The condition 
(4.2.1) PnlEn > 9 
is necessary and sufficient for the regularity of the (N, p,) method. 


+ This last condition is convenient, though not essential. If, e.g., pp = 0, p, > 9, 
and we write DP, = 4η...» lm = Um_1» then u, is an (N, g,) mean of s, with 40.» 0. 
t See § 5.5. 
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For, if t,, = > Cnn Sn, then 

Cnn = Dandi (n S m), Cnn = 0 (n > m), 

Cnn = Oand > [Cnal = > Cnn = 1. Thus the first and third conditions 
of Theorem 2 are satisfied in any case. The second is that c,,, > 0 
when ἢ is fixed and m->oo. Taking n = 0 we obtain p,,/P,, > 0, so 
that the condition (4.2.1) is necessary; and, since cy, < Pm-n/Pn—n» it 
is also sufficient. | 

We say that two methods P and Q are consistent if s, > 8 (Ρ), 
S, “ 8’ (Q) imply s’ = s, ie. if they cannot sum the same series to 
different sums. 


THEOREM 17. Any two regular Norlund methods (N,p,) and (N,q,) 
are consistent: uf 8, > 8 (N,p,,) and 8,. -» 8'΄ (N,q,), then 8' = 8. 
We write 7, = η4, -Ἐ}14,....-...-Ἐ}, 40. Then 
Ns) = Podo8nt (Pou tPr Jo)8m—-1 t+ ++» + (Podmt--- +Pmo)So 
᾿ Poot (Pod tP1I0) +---+(PoUm+---+Pm Vo) 
= PolGoSm+---+4m 80) + +--+ Pm-1(Yo 81 +91 80) + Pm 4980 
Po(Vot---+Im)+---+Pm-1(Lo+%) + Pm 40 
ear Po Qin NP (8) +..-+0m Qo N(s) aa N@® 8 
Po Qin t+---t+Pm Qo 2 ees " 


a 
where Yinn = Pm—n φ, (> Pm» Q,) ifn <m and y_, = 0 if n > m. 


Here Ymn = 0, > 1Ym,n| ἘΞ Σ πηι, = I, and 
Vii ΞΞ =< Pm-n Qn . Pm-n Qn 
(p m—-ntPm—n-1 τ΄ +2)%o J, m—n 10 
when m-—>oo, so that the means with coefficients y,,, are regular. 
Hence 8, > s’ (N,q,,) implies 8, -Ὁ 8' (N,r,). Similarly, s, >s (N,p,) im- 
plies s, > s(N,r,); and therefore, when both hypotheses are satisfied, 
s and s’ must be the same. 


—> 0 


There is an interesting aiiamintive proof which embodies an important principle, 
and which depends upon 

ΤΉΒΟΒΕΜ 18. If (N,p,) 1s regular, and > a, = 8 (N,p,), then the series > a,x" 
has a positive radius of convergence, and defines an analytic function a(x) which 18 
regular for 0 < x < 1 and tends to 8 when x -- 1 through real values less than 1. 

We write 

p(2) = > py,x", P(z) = > FP, 2", T(x) = > Paty x", 

where f,, is defined by (4.1.2), with 8, = @)+a,+...+@,. Since ,/P, — 0, 1.6. 
P,_;/P, -ϑ 1, P(#) is convergent for |x| < 1, and p(x) also converges, to (1—2)P(z). 


ἱ This is a much weaker assertion than that of equivalence (ὃ 4.3). 
4780 F | 
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Since ἐς is bounded, 7'(x) also converges for |x| < 1. Since p, > 0 and p, > 0, 
p(x) > 0 and P(x) > 0 for0 < a < i. 

The function 7'(x)/p(x) is regular at the origin, and expansible in a power series 
w(x) = >} w, x" convergent for small x. Since T(x) = p(x)w(z), 

Paty = Po Pn t+P1 Onrat--t+Pn Wo 
for all n. But Pity = PoSn+P18n-1t+-t+Pn8o 
for all n, and therefore w, = s,. Hence > 8,2" and > a,x" are regular at the 
origin. Also 
= n rh cd ee] 
a(x) = Σ ρα (l—2z) > 8, (1 ΠΣ = Pin)’ 
and T(x) and P(x) are regular for |z| < 1. Hence a(x) is regular for [2] < 1, 
except for possible poles, none of which is on the line (0, 1). 
: T(x Pata t 

Finally, a(x) = Fa = ae = Σὲ cy(X)ty, 
where c,(x) = P,2"/P(x). This is a transformation from é, to a(x), which plainly 
satisfies the conditions of Theorem 5.¢ Thus ἔμ -ΞὉ 8 implies a(z) > 8, and this 
completes the proof of the theorem. 

Theorem 17 is a corollary, since the sum of > a,, if it exists, does not depend 
on the special values of p,. 
_ Theorem 18 may be regarded as ‘Abel’s theorem’ for a regular N érlund 
method. We cannot say that > a, = s (N,p,) implies 8, — 8 (A), since Σ᾽ a,2" 
will not usually converge for 0 < x «1; but the Abelian limit exists in a 
generalized sense. We may also regard the theorem as embodying a ‘limitation 
theorem’, viz. a, = O(e") for some c. 


4.3. Inclusion. We now consider questions of inclusion and equiva- 
lence. We say that Q includes P if s, -Ὁ 8 (P) implies s, > 8 (Q), and that 
the methods are equivalent if each includes the other. If Q includes 
P, but is not equivalent to P, then we shall say that Q is stronger than 
P. Here we are concerned with the case in which P is (N, p,) and Q 


is (N, q,,)- 

If (N,p,) and (N,q,) are regular, then p,/P, > 0 and.q,/@, > 9, and 
the series 
(4.3.1) p(x) -Ξ > Pn a”, P(x) = >Fr a”, g(x) = >In x“, Q(z) ἘΞ Σ Qn x” 
are convergent for |x| < 1. The series | | 
(4.3.2) k(x) = Σ k, x” = q(x)/p(z) = Q(x)/P(2), 
(4.3.3) Ux) = 51,2" = p(a)/q(x) = P(x)/Q@), 
are convergent for small x, and 
(4.3.4) ko Pate thn Po = In ky Pate thn Fo = Gn; 
(4.3.5) Ip Qn-te tIn 40 = Pu» lo Qn-te-- tl, Qo = Pr. 


+ In the form with 0 < «<1, - 1: see the remark on p. 50 after the proof of 
Theorem 5. We shall take such variations of the theorem for granted later. 
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ΤΉΞΟΒΕΜ 19. If (Ν,»,) and (N Un) are regular, then, in order that 
(N,q,) should include (Ν,»,), it ts necessary and sufficient that 


(4.3.6) kolFn thi lEn—at---+lenlfo < ΗΟ, 
where H is independent of n, and that 
(4.3.7) k,/Qn > 0. 


If P,, -> οὐ, the second condition may be omitted. 
If s(x) = > 8,2", then . | 


Σ On NP (8)a” = Σ (osn+---+In Soe" = 9(x)s(2) 
for small x, and similarly > P, Ν(Ρ) (8) = p(x)s(z). Hence 
> Q, N(s) = > k, 2" > BP, NYP(s)x*, 
Q, Ν() (8) = kn Po NP (8) +h, ΔῈ NP (8) +... +h F, ΝΡ) 6). 
Thus Ni (8) = > Cy, NP(8), 
where c,,, is k,_,P/Q, if r <n and 0 if r >. The first condition of 
Theorem 2 is (4.3.6). The third is satisfied automatically because of 
(4.3.4). Finally, Q,_,~ Q,,, for any fixed r, by Theorem 16, when n +00, 
and the second condition reduces to k,,_,/Q,-, > 0, which is (4.3.7). 
If P, >oo then, given G, we can choose r so that RP. > G. If also 
(4.3.6) is satisfied, then 
| —|k,,| -H,. @Q H 
k,l < [hna-rl — μα. Sn 5 
G|k,_,| < HQ,; jim 0... < Gz tim 0... @ 
and (4.3.7) follows from (4.3.6). Thus (4.3.7) may be discarded when 
> Pn = ©. 
If p, = 1, PF, = n+1, then 
p(w) - (1-2), = Kz) = (1—a)q(z), hg = 4, en = In—In-a (mM > 0), 
and (4.3.6) becomes | 
(Ὁ 1) 4. Ἐπ 4, -- 40-Ἐ....Ἐ]4.-τ- 4... < Ηρ, 
which is plainly satisfied if q, increases with n. Thus we obtain 


TuErorem 20. If (N,q,) is a regular Nérlund method with increasing 4, then 
8, —> 8 (C,1) implies 8, —> 8 (Ν,4,). 


4.4. Equivalence. We next prove | 

THEoREM 21. In order that two regular Nérlund methods (N, p,) and 
(N,q,) should be equivalent, it is necessary and sufficient that 
(4.4.1) ΣΙ, πο, ΣΙ, <a. 

(1) The conditions are necessary. Since py > 0 and 490 > 0, ky > 0 
and J, > 0. Since (N,q,) includes (N, 7,), it follows from Theorem 19 
that k,P, < HQ,. Thus P,/Q, is bounded, and similarly Q,/P, is 
bounded. 
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By Theorem 19, 


k ns Erect Qn 
Meal + Vea) Bn the Bt < HS 
forr <n. Fixing r, and ΠΕΙ͂Ν nN - οὐ, we see that 


Thus > |k,,| - οὐ, and ain) > - <0O. 


(2) The conditions are sufficient. If > |k,| <oo then Ie, +>0O and 
kn/Q@,n -Ὁ 0. Also 


Pr = Cola t+ Οἱ ,- ΛΕ nl < Vn > LAF 
Pil kol + Pal kal +--- +P ol kn! < Qn > [%,,| > UAE 
Thus the conditions imply those of Theorem 19, with H = > |k,| > |1,|, 
and (N,gq,,) includes (N,7,). Similarly (N,p,,) includes (N, q,). 


It is plain that the conditions cannot be satisfied when p(x) and q(x) are 
rational and one of them has a zero, inside or on the unit circle, which is not 
a zero of the other. If, for example, p, = 2n+1, ¢, = n-+1, then. 


»(Ω) τα qi, 406) τὸ χταρ ἴα) το ἴα, he) = ΕΝ 
so that > |k,| = 00. Also 
[Ko|Pat +--+ [knlPo = Pot +Pr 
is of order n’, so that (4.3.6) of Theorem 19 is not satisfied, and (N,g,) does not 
include (N,p,). We shall return to this example in ὃ 5.16. 


4.5. Another theorem concerning inclusion. We now apply 
Theorem 19 to the proof of a criterion for inclusion of a more special 
kind. We are here interested primarily in cases in which P, tends slowly 
to infinity, and p,, will be a decreasing function of n. 

We shall use a lemma of independent interest. 


THEOREM 22. If p(x) = > p, x" 1s convergent for |x| <1, and 
(4.5.1) po=1, pr>od, ὅπ -ὅν (5,3 0), 
Pn n—1 
then 
(4.5.2) {p(x)}-? = 1--οχα--ο, 2? — 
where c, > 0, Se, <1. If > py =, then ¥ cn = 1. 
It follows from the conditions that p,,,/p,, increases with n, and 


tends to a limit which cannot exceed 1. Hence p, decreases with n. 


We suppose that 
{p(x)}-? = γο niet yex*+... 
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for small x. Then y, = 1, and it is only necessary to prove that 
C, = —Yn > Ὁ for n > 0, the remaining clauses of the theorem being 
corollaries, since p(x) > 0 for0 <a <1. 

We have 
(4.5.8) YoPat---t+Y¥nPo= 9, — YoPnsa ts +Yn+1Po = 0 
for n > 0. It follows from (4.5.3) that 


Pnsil¥1Pn-1+---+Yn Po) =a Prl¥1Pnt--+¥n41 Po); 
and 80 that Yn+1 = ain γι Τα; ἢ Yot--+Gnn Yn 
where 
Onn ae Pn+i Pn—m __Pn-mt1 a Pan (Pra — Peon) > 0. 
Pn Po Po Po Pn Pn—m , 
Thus if y,, 72...) γὨ. have the same sign, y,4, has the same sign also. 
Since γι = -- Ὑο 1} = —P1 < 0, it follows that y,, < 0 for n = 1, 2,.... 
Incidentally it appears that > y,, x” is in fact absolutely convergent 
for [5] < 1. 
We can now prove © 
THEOREM 23. If (i) (N,p,) and (N,q,) are regular Norlund methods; 
(1) Pn satisfies (4.5.1); (113) In > 0; and (iv) PrlPn-1 < InlWn-1 (n > 70); 
then (N,q,) includes (Ν,»,.). 
We suppose first that n, = 0, i.e. that (iv) is satisfied for all n > 0. 
Since 
(Got t+...)(1—c,%—...) = ky th, 2+..., 
(PotD t+...)(l1—c,x—...) = 1, 
we have k, = 40 and 


In —C1 In—1 — ** —n Vo = Kn> Pn— 1 Pn-1—-s—Cn Po = O 
forn > 0. Hence 

kn In- q Pn- p 

—* — J]—¢, 28-1 _,,,—c, 22 > 1—c, 2 —...—¢, %°§ = 0, 

In Ἰ In "dn " Pa "On 


and k, = 0 for all n. We can now verify at once that the conditions 
of Theorem 19 are satisfied. For the first 


Vogl Py-b tle |Py = ky Patt hin Py = Qn 
and for the second 
kn Po < koPnt+---t+kn Po = Ins 


so that k,, = O(q,) = 0(Q,,), by Theorem 16. This proves the theorem 
in the special case n, = 0. 
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Passing to the general case, we have | 
PrlPn—-1 SUnlIn-1 (πὶ = Ng +1, Ny+2....). 
We write Tn = Pn (N= MN, ny +1....), 
and increase p,,_,, if μάν ἴο ἃ value Tn 1 Such that 
Trol*ne-1 Ξ Mngt) Tn» TnelTno-1 S Une! Uno-13 


then p,,-. to a value Hoty such that 


Tno-1!Tne-2 ΞΞ nol Tne—1 Tno—1/ne—2 SZ Yno-1/Une2 
and so on down to p, and 7). Then 


γ 7,.- ἕξ < Tn+/ Tn» ΤᾺ] 7,-- - In| In-1 
for n > 0; and p, = 7,,/T satisfies 


Po = I, Pn > 9, Pn+ilPn = Pni/Pn—1 PniPn—1 < QnlIn—1 
for n > 0. It follows from what we have proved already that (N,q,) 
includes (N,p,,), or, what is the same thing, that (N,q,,) includes (N,7,). 
It is therefore sufficient to prove that (N,r,) includes (N,p,). We 


write Tr = Dy t+5, (n= 0,1,...,%—1) 


so that r(x) = dr, 2" = p(x)+ Σ 'δ᾽ x” = p(x)+8(z), 
say. By Theorem 22, 
| {p(x)}-* = 1— Je, a™ = Σ yy, 
where > |y,| << 1+ Dc, <2. Thus, if 
k(x) = r(x)/p(x) = > kb, 2, 
δ(α) ᾿ = no—1 co 
+ > 8,2" > y_,2" 
p(x) ὃ 7 
and so > lk,| < 14+ 38, ¥ lyzl < 14235, = Z, 
say. Hence, first, k,, = 0(1) = o(#,,); and secondly, 
[Ao |P,+...+14,|Py < HP, < ΗΚ... 


These are the two conditions of Theorem 19, with r for g, and therefore 
(N,7,,) includes (N, 7,,)- 


4.6. Euler means. We defined > a, = 8 (E, 1), in §1.3(4), as mean- 
ing > 2-"-1b, = 8, where 


b, = ἀν Ἐ[᾿ Ja.+(5 Ja. ..+a,. 


Here | tn = 3 On 


we have Σ an — 1 4 2) 


4.6] SPECIAL METHODS OF SUMMATION 71 


and we can express ἔμ in terms of s, as follows. If H is the operator 
defined by Hu, = τι,..1. then b, = (1+ £)"a, and 


lLw /1+ 15 
m= 3 >.( =| Ay. 


i< 1+2\” =. 1 1—{4(1+ x)}™41 ete: (1-1)™+1—(1-++-2)m+1 
ae .- 


— το 


2 2 2 1—4(1+-2) l—2 
=e m+1 m+1 41 
oe sips m-1\ 1—2” —. 9-m-1 m 2 n-1)- 
— 92 > ἢ ἸΞ 0 2 ᾿ Jate+s +...-2-1); 


and, since this is an identity between polynomials, we may use it with 
E for x. Thus 


m+i1 


— 9-m-1 m--1 n—1 
t, = 2 2. ( ᾿ Ἰμ ΕΚ. ΕΒ ay 
m+1 m 
mans S (mH), ΜΕΝ 
n=1 n=0 


Hence ¢,, = > Cnn Sn, Where 


m--l } 
Cm ΞΞ sine © ΤῊ ὦ Sms eng =O (nw > m) 
Cnn = 9, > lenal = > Onn = 1-2-1 + 1, 
and c,,,, “Ξ 2-"-1}(m+1)"+1 + 0 when m->oo. Thus the conditions of 

Theorem 2 are satisfied, and 


THEOREM 24. The (HE, 1) method is regular. 
4.7. Abelian means. If 


(4.7.1) 0< Xo < λι «- λς Se υνῶς An > 0, 
> a, e—»* is convergent for all positive x, and 
(4.7.2) f(z) = Ya,e*n* > 8 


when x-—> 0, then we say that > a, is summable (A,A,), or (A,A), to 
gum 8, and write 
(4.7.3) > a, = 8 (A,A). 
When A,, = n, the (A,A) method is the A method of §1.3(2). We shall 
sometimes write (A, k) for (A, n*). 

It will be convenient to consider a more general method of summa- 
tion. We suppose that (¢,(x)) is a sequence of functions defined in an 
interval 0 <2 < X, and that 


(4.7.4) φ,,.(“) —> I, 
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for each ἢ, whenzx—>0. If 
(4.7.5) P(t) = Σ α, n(x) 
is convergent in some interval 0 <2 < X, < X, and ¢(x)->s when 
«> 0, we say that > a,, is summable (¢) to sum 8. 

THEoREM 25. In order that the ‘f’ method should be regular, it is 
necessary and suffictent that 
(4.7.6) > lPn(®)—Pn4i()| < A, ; 
where H ts independent of x, in some interval 0 <a” < &. In particular 
this condition is satisfied if 
(4.7.7) 0 < φ,..(5) < φ,(). 

(1) The condition is sufficient. It follows from (4.7.4) that [φ,(α)} «- A, 
say, in some interval (0, £), and from (4.7.6) that 


IPal2)| < Ibo(2)|+"S Ιφνι(ο)-- 4,6) < H+, 


in some such interval. Thus the system (¢,,) is uniformly bounded in 
such an interval. 
Suppose first that s, > 0. Then 


Ν Ν--1 
(4.7.8) 2 an Pn ἘΞ 2 8n(Pn—bnsi) +8y dy: 
The last term tends to 0, and so 
(4.7.9) φ(“) = > 8,ἰφ,,()---φ,.1(5}} = Dd σ,(α)8,.» 


say. It follows from (4.7.4) that c,(x) > 0, for each n, when x —> 0, and 
from (4.7.6) that > |c,(x)| < H; and hence ¢(x) -> 0.f 

If s, > 8, αὐ = ἄρ--8, and a, = a, for n > 0, then s, > 0 and 

(xz) = Σ᾿ An φ,(“) = φ(α)---δφρ(α) > 0 

when x—>0. Hence, by (4.7.4), d(x) > 8. 

(2) The condition ts necessary. It is enough to prove that it is satisfied 
if s, > 0 always implies φ(5) > 0. We consider first a small fixed z. 
Since > a, ¢, is convergent whenever s,, — 8, it follows from Theorem 
7 that > |¢,—¢n11| < οὐ for each such x. Hence ¢,(x) is bounded for 
such an xz, and we can deduce (4.7.9) as under (1). It then follows from 
Theorem 5 that > |c,(x)| < H for small x, and this is (4.7.6). 

Finally, if ¢,, satisfies (4.7.7), then 


> ἰφ,--φ, αἱ = > ($n—$n+1) = $y—lim Pn S Po < Η,, 
since ¢, is bounded in (0, ξ). 


+ Here we appeal to the analogue of Theorem 4 mentioned on p. 50 but not stated 
explicitly. We cannot appeal to Theorem 5 because >) ¢y(x) does not necessarily tend 
to 1. 
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There is plainly a variant of the theorem in which z is replaced by 
an integral parameter m which tends to infinity. 


We add a remark about the special case in which ¢, is a positive decreasing 
function of n. There is a simple but useful theorem which we shall need later 
and which it is convenient to prove here. 

THEOREM 26. If b, increases to infinity with n, and > u,, ts convergent, then 
(4.7.10) Van = Voto t..- +n = 09 Uy +5, U,+...+0,U, = 0(b,). 


If wy, = ty, +Uy,+..., then w,—-> 0. Also 
n n 
Vn = 2 Bn (Win — τὺ, μα) ΞΞ by Wat 2 (Om — Om_1Om— On Waa 


and so V, = 71,6,-+0(b,), where 
bo, 
T, a δ, vot b 


nm 
by Theorem 12. 
It follows from Theorem 26 that (4.7.9) is true whenever ¢,, decreases to 0 as 
n—» oo and > a,¢, is convergent. For, taking 


ον fy —> 0, 
n 


by = dy); Un = Anda, Un = ας = Day, 
in Theorem 26, we see that s,¢, —> 0, and (4.7.9) follows from (4.7.8). 


The conditions of Theorem 25 are plainly satisfied when ¢, (x) = e-»=. 
Hence 


THEOREM 27. The (A,A) method is regular. In particular, the A 
method 183 regular. 


There is no general theorem for Abelian methods corresponding to 
Theorem 17: different methods may well sum the same series to different 
sums. Thus 1—1+1—... is summable (A) to sum 34, but summable 
(A,A), when (A,,) is the sequence 0, 1, 3, 4, 6, 7,..., to $: see § 3.9. 


4.8. A theorem of inclusion for Abelian means. In this section 
we prove one theorem of inclusion for two systems of Abelian means. 
Others will be proved in Appendix V. As is to be expected after the 
last remark of § 4.7, all these theorems have a very special character. 


THEOREM 28. If (i) Ay > 1, py, = loga,, 
(ii) Ya, -- 9 (A,A), 
(ii) a,c = Σ α, 6τυῖοελ, — Ya, λὲν 
ts convergent for y > 0, then > a, = 8 (A,p). 


We need two preliminary theorems (the first of which is important 
in itself). 
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THEOREM 29. Suppose that f,(x), f,(x), fo(x),... ἐδ @ sequence of functions 
defined in an interval of values of x; that 
(4.8.1) | fol2)| <H, (4.8.2) Sl f,(c)—frssl2)| < K, 
where H and K are independent of x; and that > b,, is convergent. Then 
> ὃ, f,(x) ts uniformly convergent. 

In particular the result is true if f,(z) is monotonic in ἢ, and 
uniformly bounded, since then 


Σ a—Faval = 15 (fans)! = |fo—lim fn. 


We might replace the interval by any set of real or complex z. 
We note first that, after (4.8.2), > ({,—f,41) is convergent for each z, 
so that f,(7) > f(x), say, when noo. Also 


(4.8.3) fal <lfal+'S [foal <H+K. 


We suppose that > ὃ, = B, and write 
B, = 6)5+6,+...46,, 8, = B,—B, 
with the convention B_, = 0, β.. = —B. Then £, > 0, and we can 
choose N, so that ἐῶν <eforn >N.—1. Also 


(4. 8. 4) > ontn = > B,—B,-+)f, = —By-afy+ Σ Bal fa —fnii)t+By- ἦν: 
for N’ > N > Ο. It follows from (4.8.2) --(4.8.4) that 


| > δ, fa < %(H-+K)+eK = (2H+3K)e 


for N’ > N > N, and each ~; and this proves the theorem. 
When N = 0 and N’ > οὐ, (4.8.4) gives 


(4.8.5) > bntn [= Bfy+ > Bul fn—Fn+1) = Bfy+ > (B,—B)(fn—fn+)- 
Since fy = f+ Σ (fn—Sny1), we have also the simpler formula 

(4.8.6) > bafn re Bf+ > Bilfn—Fn41): 

But the series on the right of (4.8.6) is not usually uniformly convergent. Suppose, 


for example, that 
Iga fn =e" (n>0,0 <2 < 1), 


so that f = 0 for x < 1 and f = 1 for x = 1, that 6, = 1, and that ὃ, = 0 for 
n> 0. Then B, = 1, B, = 0 for n > 0, and (4.8.6) becomes 


1=f+ > (a*—2"), 


The last series is neither uniformly convergent nor continuous, having the sum 1 
for x < 1 (when f = 0) and 0 for xz = 1 (when f = 1). 


The conditions of the theorem are plainly satisfied when 
f(x) = ern? (a > 0) or eAne-20) (x D> a). 
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ΤΕΣ ὃ, is convergent, then > ὁ, e»* is uniformly convergent for x > 0; 
and if the last series is convergent for x > 0, then it is uniformly 
convergent in any interval x > x, > 0. 

Our second preliminary theorem is 


THEOREM 30. If A, > 1, d(w) = > a, e**”, and Σ a,,A;," is convergent 
for y > 0, then 


(4.8.7) Hy) = Dade” = wi w16(v0) dw. 


Ty) 


If w and y are fixed, then AY e-*»” decreases from a certain 7, so that 
Σ aera = F (Mea, Az?) 


is convergent for w > 0. Hence it is uniformly convergent in any 
interval 0 <w <w<x W <0, and 


Ww Ww 
(4.8.8) [ m9) dw = Sa, [ wy-le-r~nw dw, 


We wish to replace w and W here by 0 and oo. For this, it is sufficient 
to show that the series 


(4.8.9) > a, [ wi-le-nw dw, > a, | wy-le-nv dy 
ὃ W 


are convergent and tend to 0 when ὦ > 0 and W oo. 
The first series (4.8.9) is 


An® 


> τὸ [ μνπτιρτα du = > wy Xn(“) = > ὃ, xXn(w) 
0 


say. Here > 6, is convergent, by hypothesis, while y,,(w) is positive, 
increases with n, and is uniformly bounded for all n and w. It follows 
from Theorem 29 that > 6, x,(w) converges uniformly in w, and there- 
fore tends to 0 when w-> 0. The proof that the second series (4.8.9) 
tends to 0, when W oo, is similar. 

It is now easy to prove Theorem 28. We may suppose s = 0, so that 
¢(w) > 0 when w+ 0. Then 


$y) = ral [- [γε τω dw = P+Q, 


ὃ 
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say. Since d(w) — 0, we can choose ὃ so that |d(w)| < « for0 << w < ὃ, 


and then : 


ὃν 
ΙΡ|-- | we dw = 
My) J yl'(y) 
for sufficiently small y. Also > a, e~“s—™ is uniformly convergent for 
w > ὃ, so that |d(w)| < He-*»”, where H is independent of w. Hence 


< 2%e 


Η Γ 
ἀρ οτς το τος —Agw 
9] <sarg [Ὁ dw -»0 
ὃ 


when y > 0, and |s(y)| < ὃε for sufficiently small y. 

It is easy to give examples of series summable (A,logn) but not 
summable (A): we shall see, for example, that > n-!-, where c > 0, 
is such a series.f | 


4.9. Complex methods. It is often important in applications to 
consider the limit of a series > a,,e-*** when z > 0 along a path in the 
complex plane, usually a straight line making an acute angle with the 


positive real axis. 

If z = x+iy, > a, e* is convergent for x > 0, and 
(4.9.1) f(z) = Sa, er > 8 
when z->0 along any path lying in the angle |y| < xtana, where 
0 <« < 4r, then we shall say that 
(4.9.2) > a, = 8 (A,A, a). 
This method also is regular. ὁ 

THEOREM 31. If > ας, converges to 8, then > a,e»* + 8 when z->0, 
uniformly in the angle |y| < xtan«. 

We may suppose s = 0. If x > 0, then 

f(2) = > ay, e—Ant = > 8,(e*n?@—ens1°), 
or f(z) = > c,(2)8,, where 
cC,(z) = eAn®— e-Ant1® = Ae-Arn2, 


Also ‘ 
Σ len(e)| = [Mee] = S| f zeae 
An 
An+1 


< ld J aa dt = A > Ae~*2 < e-*% sec x. 


+ See § 7.9. When we speak of summability (A, log n) we suppose our series to begin 
with the term in a,, 80 that A, is replaced by 4. 
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Hence, if we choose N = M(e) so that |s,,| < « for z > N, we have 


᾿ 
ΓΣ onl2)n 


for N’ > Ν, so that > c,(z)s, is uniformly convergent. Since c,(z) > 0 
when z-—> 0, f(z) > 0 uniformly in the angle. 

We have proved the theorem directly: it might also be deduced from 
appropriate modifications of Theorem 5 or Theorem 29. 

4.10. Summability of 1—1-+1-—... by special Abelian methods. The series 
1—1+1—... is summable (A) to 4. It is instructive to consider its summability 
by other Abelian methods. 

It 1s familiar in the theory of elliptic functions that 
(4.10.1) 1 —2q+ 2q4—2q°+... = TT ((1—9?"*1)?(1— 9?" *4)} 
for [4] < 1, and the product plainly tends to 0 when gq — 1 by real values. It 
follows (writing 6.5 for 4) that 

]—e~* 4+ ee 4... > 2, 
so that 1—1-+1-—... is summable (A, 7?) to 4. It is also summable (A, n*) for any 
positive k (compare Appendix V). 

On the other hand, if a > 1, then 
(4.10.2) F(x) = 2-2 +a0— a+... 
does not tend to a limit when z—> 1. To see this, we observe that F(x) satisfies 
the functional equation 


< €8@€Ca 


and that O(z) = > iS a (log τ" 
ni(l+a") x 
is another solution. Hence V(r) = F(x)—(x) satisfies Y(2) = — V(x"), and is 
therefore a periodic function of loglog(1/x) with period 2loga. Since it is plainly 
not constant, it oscillates between finite limits of indetermination when zx —> 1, 
log(1/x) — 0, loglog(1/z) — — oo. But ©(z) —> 4, and therefore F(z) oscillates. 
It follows that 1—1+1—... is not summable (A,A) when A, = α" (a > 1). 


4.11. Lindeléf’s and Mittag-Leffler’s methods. There is one 
(A, A) method which is particularly important in the theory: of analytic 
continuation. In this 
(4.11.1) Ayo = 0, A, =nlogn (n 21). 

If then > a, e~* > 8, we write > a, = 8 (1). 

A power series > a, 2", convergent for small z, defines an analytic 
function f(z) with a branch regular at the origin. In what follows we 
use f(z) to denote this branch of the function, made uniform by an 
appropriate system of cuts in the plane of z. The ‘Mittag-Leffler star’ 


of f(z) is the domain formed by drawing rays through 0 to every singular 
point of f(z) and removing from the plane the parts of the rays beyond 
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the singular points. Thus the star of > 2" = (1—z)-' is the plane cut 
along the line (1,00). The importance of the L method arises from 
the fact that it sums > a, z" throughout the star of f(z). We shall see 
later (§ 8.10) how this general theorem may be reduced to the special 
case in which f(z) is the function (1—z)-1!: here we consider the special 
case only. It will be convenient to change our notation, writing ὃ for z. 


ΤΉΒΟΒΕΜ 32. If D is any closed and bounded region which has no 
pont on (1,00), and X,, 1s defined by (4.11.1), then 
(4.11.2) Σ 6 ὅλεχη > (1 -2)-1 
when ὃ > Ο, uniformly in D. 

We define A(7, 2) as the region in the plane of z = re) in which 
(4.11.3) 0<7<0< 2π--η, r< bk; 
and, since (4.11.2) is plainly true in any circle r < 1—{ < 1, it will be 
sufficient to show that 
(4.11.4) g3(z) = ae —> 2/(1—z) = g(2) 


uniformly in A. 

We define a contour C in the plane of u = pe? by the circular arc 
p = 4, |d| < φρ < 47 and the two rays p > 3, [φ] = ¢9. We shall 
suppose, as plainly we may, that ¢, and 6, are chosen so that 
(4.11.5) sings > 3, tangy > (4log R)/n, 89¢9 < 397: 


and we consider the integral 


— du 

4.11. Sa up—Sulogu  ~* 
(4.11.6) 1) = [{πὐοτδνιοευ στρ ς, 
round Οὐ, where 

Ζ Ὁ == evlogz, logz = logr+26, log u = log p+i¢, 
and C is described so as to leave the origin on the right. Since 

je*ioes| = lexp{—dp(cos φ- ὁ sin ¢)(log p+74)}| 
= exp(—8plogp.cosd-+3pgain φ), 
it follows from Cauchy’s theorem that J;(z) = g;(z) for ὃ > 0 and z in 
A.t We now prove that J;(z) is uniformly convergent for 0 < ὃ < δὴ 
and z in A. 
On the upper ray of C, we have 


|eout0E 4] == exp(—8dp log p cosdy+dppo sin oy), 
t The integrand is dominated at infinity by the factor exp(— dp log p cos ¢). 
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[29] = lexp{p(cos Jy+é sin 4,)(log r+é6)}| 
= exp(plogr cos dy—p0 sin $y) < exp(plog R cos φρ--ρη sin φρ), 


1 ] 
e27tu__ ] S = e-27P sings < Pa eit ° 


It follows from these inequalities and (4.11.5) that the integrand in 
(4.11.6) is majorized by a constant multiple of 

exp(p log B cos ¢y—4p7 sin φ0) < 6- ἐρηθίαφν < 6τρη͵ 
and that this part of the integral is uniformly convergent. 

The proof for the lower ray of C is similar. 

Since the integrand is uniformly continuous with respect to ὃ and z 
on any finite stretch of the contour, and J;(z) is regular in A for ὃ > 0, 
it follows that ot 
I;(z) > I(z) = { “anu du 

| ὃ 
uniformly in A, and that the right-hand side is an analytic function 
of z regular in A. It is g(z) when —1 < z < 0, and therefore throughout 
A; and the theorem follows. 

There are other methods of summation, not (A,A) methods, but of 
similar type to the L method, which have the same property. The 
most important is Mittag-Leffler’s method, which we call M, and in 
which Σ᾽ a,, is defined as Η 

| lim > ata: 

50 P(1+6n) 
It is easy to prove, by a variant of the method used above, with 
I'(1-+8u) in the place of e5“!¢+, that > 2” is summable (M) to (1—z)-1 
uniformly in A. The details naturally depend on the asymptotic 
properties of the gamma-function of a complex variable: an alternative 
proof will be given ἰδίου. Yet another method 10. similar properties 
is Le Roy’s, in which > a,, is defined as 

; Γ(1-  ζη) 

| pes r(i-n)” 

4.12. Means defined by integral functions. We consider next an 
important class of methods of which the best known is Borel’s. Let us 
suppose that J(x) = > p, x” is an integral function, not a polynomial, 
with non-negative coefficients p,,. If 

S(z) ΞΣ Pn 8, 1 
(4.12.1) a= se? 
{ |e*74| = e*npaind, is large for large p: 2x—@ takes the place of θ in the argument, 


and 27r—8@ > η. 
Ζ See p. 199 (note on § 8.10). 
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when x > οὐ, then we write 

(4.12.2) | > a, = 8 (J). 

The simplest definition of this type is Borel’s, in which p, = (n!)-1, 
J (x) = e*: if 


en 
(4.12.3) e-*§(x) = e-* Σ Sno - 8 
when x - οὐ, then we write 
(4.12.4) Σ α, = 8 (B). 


There is an alternative definition of Borel which we shall consider in 
§ 4.13 and Ch. VIII. | 

Here t(x) = > c,(x)s,, 

Cy (2) = Dp x"/ > Pye” ZO, €,(x) > 0, > [6,.(4})} = > c,(%) = 1, 
and the conditions of Theorem 5 are plainly satisfied. Thus 

THEOREM 33. The J method 1s regular. 


The J method provides a convenient opportunity for a more explicit 
statement of a general principle which we have referred to alreadyt 
and of which we shall find many applications later. A method may be. 
said to be ‘powerful’ if it can sum rapidly divergent series: thus Borel’s 
method is more powerful than the (C,1) or A methods, which will 
not sum > 2” outside its circle of convergence. Borel’s method, on the 
other hand, sums it in the half-plane Rz< 1. For in this case 
8, = (1—2"+1)/(1—z), and 


S(x) eg WV 12th a 1 ge~(-#ie 1 

— = ον >—, 

J (x) l—z n! 1l—z 1-2 1—z 
provided only that Rz <1. In particular it sums the series for all 
negative z. 


In this sense the J method is the more powerful the more rapidly 
p, tends to 0. Thus Borel’s method sums 1—a-+a?—a’-+.... for all 
positive a, but it will not sum the series for which s, = (—1)"!a” 
because > (—1)"(ax)" is not convergent when az > 1. If we take this 
S,, and p,, = (n!)~?, then 


se) = (SP mew, Ie) = DG = Need 


and S(x)/J (x) > 0. 
We shall, however, find that, usually, the delicacy of a method decreases 
as its power increases, and that very powerful methods, adapted to the 


{ See § 3.8. 
t I,(x) being Bessel’s function with imaginary argument. 
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summation of rapidly divergent series, are apt to fail with divergent 
series of a less violent kind (such as we encounter, for example, in the 
theory of Fourier series). Thus we shall find in §4.15 that the J method 
with p,, = ε΄ δῦ fails to sum 1—1+1 -.... 

We supposed in (4.12.1) that J(z) is an integral function and that x-—> οὐ. 
There is ἃ modification in which the radius of convergence of (4.12.1) is finite. 
In this case we may take it to be 1, and must suppose > p, divergent. The 
definition is still expressed by (4.12.1), but now x —> 1, and the method then re- 
sembles the ‘ Abelian’ methods of §§ 4.7~-10. Thus, ifp, = 1,then J(~) = (1—2z)"}, 


and the definition becomes (l—x) > s,2"— 8, ie. }a,x"—>s. This is the A 
definition. 


If p, = (n+ 1) 3, the definition becomes 
1 \~ > Sy ati 
(log -— aie > 8 


(4.12.5) | | fo dt ~ slog; = =, 
. 0 


or 


where f(x) = } a,x". It is plain that f(x) — s implies (4.12.5), so that the method 
includes the A method. 


4.13. Moment constant methods. A moment constant μ,, is a 
number of the form 
(4.13.1) Ln = [= dx, 
0 
where y = x(x) is a bounded and increasing function of x such that the 


Stieltjes integral (4.13.1) converges for all n. If ξ is the lower bound 
of numbers x for which 


dx(u) = 0, 


then [ dx(u) | [ dx(u)>0 (ὦ « ἢ) 
το az 


£—0 | 
and μῃ = an dx = [ a” dx -Εἰχ(ξ-0)---χίξ---Ο)} 5, 
ὃ ὃ 
when € is finite. Usually, however, ξ will be co; and we shall suppose, 
when £ is finite, that x is continuous at ξ. 7 


If 
(4.13.2) a(x) = > (2,/pn)&™, 
+ See the note at the end of the chapter. 
4780 


G 
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then formal term-by-term integration gives 
[ a(x) dy = Σ (Gn/pm) [55 dx = Say, 


and this suggests that we take the integral on the left as the basis of 
a definition of the sum of > a,,. 
We write 


(4.13.3) [ a(x) dx = s 


if either (i) ἔ = oo, the series (4.13.2) converges for all x, and 
x 
lim { a(a) dy = 8, 
X—>0O rf 


or (ii) € <0, x(€+0)—x(E—0) = 0, (4.13.2) converges for 0 <x < ἔξ, 


and 
£—0 x 
| a(z)dy = lim f a(x) dy = 8; 
ὃ Χ-νξ πος 

and 


(4.13.4) > Gn = 8 (Un) 
in either of these two cases. 
THEOREM 34. The (μ,) method is regular. 
If > a,, is convergent and 0 « X < X, <& <0, then 


co 


(4.13.5) ln = [= dy > Xr [ dx >0 
0 X, 7 
’ and (4.13.2) converges uniformly for0 <z< X. Also 


x οο roa) 
ὅπ [am dx < eal( =) {ax/ [ ax>0 
Pn Xy 

0 0 x1 


when Ὁ. - οὐ, for X < X, and so for ἃ < ξ. In particular, taking 
8, = I, 


(4.13.6) 


x 
(4.13.7) es x" dy > 0. 
bn 
Ζ 
It follows from the uniform convergence of (4.13.2) that 
x 


ὡς [(Σ ΣΎ ΑτΣΣ fare 


0 
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and from (4.13.6) that 2 | 
1 1 
(4.18.8) ¢(X) = » “(2 Ϊ = dy — 


n 
0 


say. Plainly c,(X)—>0 when X >€. Also 


fee dy fe dy — je dy fe dx 


= f ane dx fa dy — fms dx fa dy 
x ὃ ὃ Χ 


ν 


οΌ x xX 20 
ΧΙ { ad “ἢ ἂν — | zd xz” dy) = 0. 
(J x J x x J x} ' 
Hence c,(X) > 0 
x ».4 x 
Σ len(X)| = Σ ο,(Χ) = — | dx — tim — | andy -- δ. [ dy 
n 0 
ua 0 0 


by (4.13.7), and > ο,(,) - 1 when ζα -» ἔξ. Thus the conditions of 
Theorem 5 are satisfied, and the method is regular. 
The most important case is that in which 


x(z) = 1—e-""— (a > 0). 
Then yp, = | ee glla)—lym dar == | ey" du = T'(na+1), 
α 


and the definition is 


(4.13.9) fe e-u Σ τὴ =. 


In these circumstances we write 
(4.13.10) > a, = 8 (Β΄,α). 
In particular, when « = 1, we write 


(4.13.11) >a, =s (B’). 


We shall see in Ch. VIII that the definitions (4.13.11) and (4.12.4) are inti- 
mately connected and ‘all but’ equivalent. We were led to them in quite 
different ways, and their close connexion is due to the special properties of the 
exponential function. 

If « = 1, a, = 2”, then 


ay (zx)” 2. ἘΞ: [ eto ae = 1 
n! l—z 


when Rz < 1. Thus the B’ method, like the B method, sums > 2" in this half-plane. 
Τ If § < οὐ, the upper limit οὐ may be replaced by £—0 throughout. 
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We make the moment method more ‘powerful’ by increasing the magnitude 
of μ,. Such an increase of power carries its disadvantages with it. Thus, if 


(4.13.12) dx = —kilogz)*y-ldz ( > 0), 
then 
ce co 
7 
(4.13.13) Len — [τ κόρον az — | e~kuttnu du — Af (Zen. 
0 «ἰὼ 
and the definition becomes 
ce 
(4.13.14) ἡ (=) Ϊ σ΄ ἈΌΛΟΣ enu—ntitkg, ) du = 8. 
1T 
- ὦ 


We shall see in ὃ 4.15 that this method will not sum 1—1+1—.... 
If €=1, y=«2 for x < 1, y= 1 for x >1, then p, = (n+1)-! and the 
definition is | 
: is 


lim [ (Σ (n+ 1)a, 2%} dx = 8. 
τοῦ 6 


This is plainly equivalent to the A definition. 


4.14. A theorem of consistency. There is no general theorem of con- 
sistency for moment constant methods: different methods may sum the same 
series to different sums. But there is a special theorem of consistency which is 
sometimes useful, in which we suppose that € = oo and 


(4.14.1) χί(α) = [ b(t) dt. 
0 


THEOREM 35. Suppose (i) that ¢(x) is positive and decreasing; (ii) that 
Hn = | 2%h(x) de 
is convergent for n > 0; and (iii) that d(fx)/p(x) is, for every fixed ζ > 1, a decreasing 


function of x; or at any rate that conditions (i) and (iii) are satisfied for x > xy. 
Suppose further (iv) that > ας, 5" 1s convergent for small z; and (v) that 


(4.14.2) | (> ri kao) dx = 5, 


80 that Σ᾽ a, is summable (u,,) tos. Then > a,z"*isuniformlysummable for0 < z < 1; 
80 that wt represents an analytic function f(z), which is regular on the segment (0, 1) 
and tends to 8 when z —> 1 through real values less than 1. 
This is a theorem of consistency because it shows that the sum s is fixed by 
the function f(z) independently of the special ¢(z) and yz, used in the definition. t 
It is plainly sufficient to prove the series uniformly summable in any interval 
0<6<2z< 1. The series g(x) = > (a,/p,)x" converges for all x, and 


[σ()φ(ο) dx = 9, 
by (4.14.2); and the sum of > a,,z" is 


(4.14.3) [σφ ae = Σ [ oterg(2) ae, 


+ Compare the second proof of Theorem 17 in ὃ 4.2. 
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if this integral is convergent. Now if X > 2, then 


’ 4 


x” 
(ale), ΦΧ) 
σία) φ(ξ σφ) σ(α)φί(α) de, 
J ὦ ἢ $a)” ~ “gx 


where X < X” < X’, by condition (iii). The outside factor does not exceed I, 
and the second is numerically less than ε for X > X,(e). Hence the integral 
(4.14.3) converges uniformly for 0 < 6 < z < 1, and the theorem follows. 

The conditions are satisfied, for example, if ¢(z) = e-4**a*-1, where A > 0, 
a>0,a@> 0. 

As an application, suppose that 


> a,2" = 1—az+———_ 


for small z. If we take ¢(x) = e-*, as in cas method, we obtain the sum 
i 6 (1— ape 2 -+-—____— (an? «5223 ---᾿..}) dx, 
and the value of the integral is not obvious. It is much more convenient to take 
d(x) = aa when yp, = I'(n-+a) and we obtain 
= « __ we att )de = 
T(a) ale τῷ ΠΗ Tht or 2! 


provided only that Rz > —1. 


4.15. Methods ineffective for the series 1—1+1-—.... In this section 
we illustrate the general principle stated in § 4.12 by showing how two ‘violent’ 
methods, one of ‘integral function’ and one of ‘moment constant’ type, fail to 
sum 1—1+1~—....f 

(1) Let us take p, = e-°™, where c > 0, in the definition (4.12.1), and write 
e“ for x. Then, since 8, = 1 and sem,; = 0, we have to determine whether 

> en ftem*+2um ΙΣ een? 


“ΟἹ 1) 3 = (14+2)-4 


l 
~a(1+2)¢a—-1 Jy — τα, 
ha τ [Ὁ (1+#)¢a-1 dy = (1+2) 


tends to a limit when τ -- οο. It is plain that we may replace this ratio by 
F,(u)/F,(u), where F, and F, are the sums extended from —oo to οο, Now 


#), nw — aif), 
and 3,(v-+-nz|7) = eM air—annivg (υ τ]; 
and it follows from these formulae that F,(u)/F,(u) has the period 4c. Since it is 
plainly not constant, it does not tend to a limit. 


(2) Let us suppose y and μι defined as in (4.13.12) and (4.13.13). Then the 
sum of 1—1-+1—... is defined as 


(4.15. 6} [τνὉ Σ εἰ γα νιν) a 


n=O 


F,(u) = 5,(= 


--ο 
if this integral is convergent; and it is plain that the convergence will not be 
affected by replacing the lower limit of summation by —oo. But 


Flu) -- Σ (--᾿γρετογαμαν — 91) = Bvt) 


Tt See also § 4.10, for the failure of a violent method of Abelian type. 
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and it is easily verified that 


(n/2k)-+a a 
| ek Fu) du = (—1)" f e-ku* Fu) du 
n/2k 0 


for any a. It follows that the integral (4.15.1) is not convergent and the series 
not summable. 


4.16. Riesz’s typical means. The ‘typical means’ of M. Riesz are 
generalizations of certain means which we shall consider in §5.16, and 
a full discussion of them would be more in place in a book dealing 
specially with the theory of Dirichlet’s series. We therefore dismiss 
them very shortly here. : 

Suppose that 2, satisfies (4.7.1), that 


. A)(2) = Ap +Q,+...+a, = 8 (A, «χα < Ant» A (x) = 0 (a < Xo); 
that κ > 0 and that 


(4.16.1) AM(w) = τι | A)(2)(w—ax)*-1 dx > 8 


when ὦ -» οὐ. Then we say that > a, is summable (Β,λ, x) to 8. We 
have also, by partial integration, 


Αἴ) == [ὠ-» ἀΑχ(ὴ) = > (1-%)"a,. 
0 


An<w ad 
We can write (4.16.1) as 
AX(w) = [{φ(α, 0) Ay(x) de, 
where 
$= κω-κ(ω- -α)κτ-ὰ (0<a<w), $=0 (x >a). 


Then ¢ > 0, ¢ = O(w!) for large w, uniformly in any finite interval 
of x, and 


} B(x, ὦ)! de = * Ϊ eae 


Hence, after Theorem 6, 

THEOREM 36. Riesz’s typical means are regular. 

It is easily verified that the (R, 7, 1) method is equivalent to the (C, 1) 
method. We shall prove more than this in § 5.16. 


Another interesting case is that in which A, = log(n+1), «= 1. 
We prove 
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THEOREM 37. In order that > a, should be summable (R, 4,1), with 
An = log(n+1), to 8, it is necessary and sufficient that 


(4.16.2) 8. 


] So 
canal" ἊΣ: +3 oe +2583) > 


In other words, the means are then equivalent to the logarithmic 


means of § 3.8. 
If ὦ = log(qg+1), π = [4], then the definition (4.16.1) reduces to 


: η.Ὲ3 41 
{το Γἢ x πὶ log ri t iogig 1) nti 


> 8, 


and we have to prove this equivalent to (4.16.2). 
Let us assume (4.16.2), and write 
8 
Wi U,, — UgtuU,+...FU,- 
Then U,, ~ slogn, so that u,, = o(logn) and 85 = o(nlogn). Hence the 
last term in (4.16.3) tends to zero. Also 
2 1 
lop eee eae 
“Ἔ ει m+il κατιρ (=a) 
so that the sum in (4.16.3) is 
n—1 1 n—1 n—1 


Sia} Sat Soft κοι 
0 0 


Un, = 


n—-1 U,, U7, 
sa es a ie -Σ (m-- end) a Ξοῦ) 


because U, = O(logn), and ἢ, is plainly O(1). Hence (4.16. *) reduces 
to P, ~ slog(q+1), which is equivalent to (4.16.2). 
The proof of the converse is similar but simpler, since we may take 


w = log(n+1). 
4.17. Methods suggested by the theory of Fourier series. The 


series | 

(4.17.1) $+cos 0-+-cos 26+... = >” cos n6F 

is fundamental in the theory of Fourier series. Its partial sum is 
4.17.2 ey, mala Le 

( ) 8,(0) Σ cosy) = --οι τ 19 (9); 


{ The dash implying that the term with n = 0 has a factor }. 
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and its means defined by (3.1.3) and (3.1.4) are 


(4.17.3)  £,,(0) = > Cn, D, (4), (4.17.4) t(x,0) = Sc, (x)D, (8). 
In particular the (C, 1) and A means are 
11 sin 4(m-+1)6)? 
(4.17.5) t,(0) = 3(m-1) | ) 
1—r? 
(4.17.6) HY, 0) = ον εξ ὡς Τ 


2(1—2rcos@-+-r?)° 
The ἐ,,(θ) defined by (4.17.5) has the properties that 


t(0) > 0, - ἢ t,,(0) dd = 1, 
and that ἐ,,(θ) > 0, when m — oo, uniformly in any closed sub-interval 
of (—7,7) which does not include the origin; and the t(r, θ) of (4.17.6) 
has similar properties. It is on these properties that the applications 
of the methods to Fourier series are based, and other choices of a t,,(0) 
with the same properties lead to valuable methods of summation. Thus 


— 2-™41D'(m+1) vr 
i) = Timed) 


has the properties required. Since 


(1-+-cos 6)™ 


2m! m(m— 1) 
mip ip θα ρα ἢ) eet) 


we are led to de la Vallée-Poussin’s definition (VP) 


(1-+ cos 6)" = gi-m 55." 


m(m—1) 
Σ bn = jim im {ag} ΤΊ 1+ Gat iy 13) a, +... 
In terms of s,, 
3m 5m(m—1) 


es “oF mF iy(m+2)°** (mf 1m +2)(m+3) Ὁ Τ 
and it is easily verified that the method is regular. 
In these methods the coefficient of s, is non-negative. There are 
other methods, important in the theory of general trigonometrical 


series, in which this is not so. The most fundamental is Riemann’s, in 
which we define > a,, as 


sin 2h\?. 
lim ¢(h) = lim a, at ): 


1 It is usual to write r for x here, and ἢ for x in the ‘Riemann’ definitions. 
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the coefficient of a, is interpreted as 1. It is familiar that this method, 
usually called the (R, 2) method, is regular. In this case 


πί2 


t(h, 0) = po (9 - 2, 0. (2 «θ « πὴ 


and t(h,@) has the ies borrenponrine to those of (4.17.5) and 
(4.17.6). 
More generally, summability (R,k), where k is a positive integer, is 


defined by 
: k 
> ἃ: ΓΞ | me 
nh 


The method is regular for k > 1 but not for k = 1. 
Another method, closely connected with the (R, 2) method, but not 
equivalent to it, is the (R.) method defined by 


2 in?nh 
th) = aah 


where the coefficient of 80 in the sum is 5 interpreted as h. This method 
also is regular. 


4.18. A general principle. Most of the definitions which we have 
considered in the preceding sections may be presented as illustrations 
of a general principle. 

Let us suppose that F = F(a, 8, y,...) is a function of certain para- 
meters a, β, y,... which tend to limits ap, By, 7p,..-; that A, B, C,... are 
the limit operations α —> ap, B > Bo, y > γ0»...; that 

PF = ABC... F = lim {| lim (lim ...)|F; 


α-»αο ἡ β-»βο 

and QF = A’B’C’...F, where A’, B’, C’,... are A, B, C,... in a different 
order. We may ask whether 
(4.18.1) PF = QF, 
and the theorems which assert that this is true under appropriate 
conditions include many of the most important in analysis. 

We may also look at the equation (4.18.1) from a different point of 
view. Suppose, for example, that 


Ff = ἔζη, 7) = > α,. τῆν, 
0 
that « = n, β = x, and that A and B are the operations ἢ -- 00, x > 1. 
Then 
nr n 
BF = lim> 4,2" = > an, 
z—1 0 0 
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and PF = ABF = lim > ΓΞ >a 
if and only if > a,, is convergent. On the other hand, 
AF = lim > 2 = a, 2" = f(x), 
say, whenever this last series is convergent for x < 1; and 


QF = BAF = limf(z) 


is Abel’s limit for the series > a,,. If PF exists, then QF exists and is 
equal to PF, but QF exists in many cases in which PF does not. In 
these circumstances we may take QF as the definition of the symbol 
PF, and agree to write PF when we mean QF. The utility of such 
a fiction is, of course, to be judged by its results. 

Again, for the J definition of §4.12, with p, > 0 for all n, 


nr nr 
----ὦ m }. 
F = ($ 2menz)/($ 2m2") 
Aisn>o, Bist->oo; BF = 8,. ABF = s if and only if s, > 8; and 


BAF is the limit which we took as our definition. For the ‘moment 
constant’ definition of ὃ 4.13 (with ἔ = οὐ), 


Rs ee; 
r= | ( cna) ἃ = an [am dy; 


Aisn>o, BisX >; 


so that ABF = s if and only if } a, converges to 8; and 


x 00 
BAF = lim [ a(x) dy = { a(x) dx. 
amg ὃ 


We may sometimes wish to connect the operations A, B,... by relations 


between a, §,.... Suppose, for example, that 
= m \@+Dip 
F= Finp) = > 1) Oy, 
Then lim F = Σ dyn; lim lim F = > a,, 
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when the series is convergent; and it is easy to prove that, when n > οὐ, 
F + > e-™/?a,, whenever the last series is convergent ; so that 

lim lim F = lim > e-™a,,, 

pro n—>0 po 
which is Abel’s limit, whenever this limit exists. Thus the ordinary sum 
and Abel’s limit correspond to the two repeated limits of F. 

On the other hand, we may make n and 7 tend to infinity together. 

For example, if we suppose that n--1 = p, then 


_< m\ 80.8..---Ἔϑῃ 
ta >. (1 5) ποτ 


and we obtain the (C, 1) definition. If we suppose that n+1 = kp, we 
obtain what is very nearly the (C, &) definition of Ch. V.f 


NOTES ON CHAPTER IV 


§ 4.1. The general definition of a ‘Nérlund mean’ occurs first in Voronoi, Proc. 
of the eleventh congress of Russian naturalists and scientists (in Russian), St. Peters- 
burg, 1902, 60-1. There is an annotated English translation by Tamarkin, Annals 
(2), 33 (1932), 422~8. Voronoi’s article was a short note in a rare publication, and 
was unnoticed until Tamarkin called attention to it. A number of special cases 
of the definition, such as Cesaro’s, were, of course, already familiar. 

Noérlund gave the definition independently in Lunds Universitets Arsskrift (2), 
16 (1920), no. 3. He (explicitly) and Voronoi (tacitly) assume that p,/P, —> 0, so 
that the method is regular. 

§ 4.2. Of the two proofs of Theorem 17, the first is Nérlund’s. The second, 
depending on Theorem 18, was given independently by Zygmund, Mathesis 
Polska, 1 (1926), 75-85 and 119-29, and by Silverman and Tamarkin, MZ, 29 
(1928), 161-70. Voronoi states the theorem, and his short indications show that 
his proof was on the lines followed by these later authors. 

§§ 4.3-4. Theorems 19 and 21 are due to M. Riesz, PLMS (2), 22 (1923), 
412-19. 

The condition (4.3.7) is also unnecessary when both > p, and Σ g, are con- 
vergent, but the question remains open when > Py < ©, > Gn = ©. 

§ 4.5. Theorem 22 is proved, with a different purpose, by Szegé, MZ, 25 
(1926), 172-87 (177). Szegé attributes the result to Kaluza. Theorem 23 seems 
to be new. I had originally inserted the additional condition p, = 0(@,), but 
Dr. Bosanquet showed me that this condition is unnecessary. 

§§ 4.7-8. Theorem 26, and a generalization for complex ὃ,» were proved by 
Jensen, CR, 103 (1886), 980 and 106 (1888); 835. See Pringsheim, Vorlesungen 
δον Zahlen- und Funktionentheorie (Leipzig, 1916), 1, 308-10 and 938. 

Theorems of the type of Theorems 25 and 29 are familiar, and have been 
generalized by many writers in many directions. For these particular theorems 
see Dienes, 394-7; Hardy, PLMS (2), 4 (1906), 247-65; and Perron, MZ, 6 (1920), 
286-310. We can prove, a little more generally, that (4.7.4) and (4.7.6) are neces- 
sary and sufficient conditions for > a, = 8 to imply ¢(x) — 8. 

f See in particular § 5.16. 
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Theorems 28 and 30 were proved by Hardy in MM, 39 (1910), 186-9 and 
PLMS (2), 8 (1910), 301—20 (318). 

§ 4.9. For A, = n, Stolz, Zeitschrift fiir Math. 29 (1884), 127-8: see Stolz und 
Gmeiner, Hinleitung in die Funktionentheorie (Leipzig, 1905), 2, 287-8, or Brom- 
wich, 252-5. For general A,, Cahen, AHN (3), 11 (1894), 75-164 (86-7): see 
Landau, Handbuch, 737-8, or Hardy and Riesz, 3-4. 

ὃ 4.10. For (4.10.1) see Tannery and Molk, 2, 10-18, or Hardy and Wright, 
280-2. 

Hardy, QJM, 38 (1907), 269-88, discusses the series (4.10.2) in detail, and proves 
the formula 


fe a] οο 
-ἢππ 1 | Ὅν ay | 
πν. ραν. ραν ὦ -- ( ΣΕ πριν στ τος Sh gy (2 +1) wt flow 
ἕ a > α"-Ε} nit loga > ᾿ loga " - 
0 --οὐ 


which shows the oscillations when y —> 0 explicitly. The argument here is due 
to Maclagan-Wedderburn. 

§ 4.11. The appropriate references to the work of Le Roy, Lindel6f, and 
Mittag-Leffler are given in the note on ὃ 8.10. The proof of Theorem 32 is 
Lindel6f’s. 

§ 4.12. Borel gave the general definition (4.12.1) in his earliest work on the 
subject: see Borel, 95. The regularity of the B definition was proved first by 
Hardy, TCPS, 19 (1902), 297-321 (298-300). 

§ 4.13. There is a very clear account of the simpler properties of the Stieltjes 
integral in Widder, ch. 1. 

Theorem 34 is proved by Good, JEMS, 19 (1944), 141-3, except that he 
supposes y absolutely continuous. We have ignored the case 

ξ «οὐ, χί(ξ-Ε0)--χίξ--0) = D> 0, | 
which actually leads to a ‘trivial’ method, i.e. one summing convergent series only. 
In JLMS, 21 (1946), 110-18, Good proves a further theorem of the same 
character. 

§ 4.14. Theorem 35 is a corrected version of one stated by Bromwich (1), 
301-2. The conditions which he gives are unnecessarily strong in one way and 
inadequate in another. The example at the end of the section is his. 

Mr. Eggleston observes that we can dispense with condition (iii) if the integral 
in (v) is absolutely convergent. 

§ 4.15. The formulae used for the transformation of theta-functions will be 
found in Tannery and Molk, 2, 263 (Table XLIII). 

§ 4.16. For the general theory of Riesz’s typical means see Hardy and Riesz. 

§ 4.17. There are general accounts of the theory of the summation of Fourier 
series in Hardy and Rogosinski, ch. 5, and Zygmund, ch. 3. 

De la Vallée-Poussin’s method (VP) was defined by him in Bulletin de l Acad. 
Sc. de Belgique (1908), 193-254, and applied to the summation of the successive 
derived series of Fourier series. Gronwall, JM, 147 (1917), 16-35, proved that 
any series summable (C,k) is summable (VP). He also proved that the series 
> 2" is summable (VP) to 1/(1—z) in the interior of the outer loop of the limacgon 


(1) [1Ὲ2]} = 41], 


from which it follows that the VP method is stronger than the aggregate of the 
(6, &) methods. 
The VP method has very close relations to the (A,2) method. Thus Hardy 


Notes] SPECIAL METHODS OF SUMMATION 93 


(1.6. under ὃ 2.8) proved that the methods are equivalent for Fourier series; and 
Hyslop, PZMS (2), 40 (1936), 449-67, extended the equivalence to all series for 
which a, = O(n*). He also observed that > z" is summable (A, 2) inside the 
curve 

(2) ) | r= ell ([0] <=), 

which includes the curve (1), except for the point z = 1, in its interior, so that 
there are series summable (A, 2) but not summable (VP). Later, Kuttner, ΡΜ, 
(2), 44 (1938), 92-9, proved that (VP) --» (A, 2) in all cases. 

Another method with very similar properties has been defined by Obrechkoff, 
CR, 182 (1926), 307-9. 

The Riemann methods are fundamental in the theory of trigonometrical series. 
Thus the regularity of (R, 2) is ‘Riemann’s first lemma’ and that of (R,) is his 
second. A good deal has been written recently about the relations of (R,k) and 
(Ο, ἢ. Thus Verblunsky, PCPS, 26 (1930), 3442, proved the implication 
and Kuttner, PLMS (2), 38 (1935), 273-83, proved (R,1)—»(C,1+68) and 
(R, 2) -» (Ὁ, 2+8): here δ is any positive number. Kuttner gives other references. 

Marcinkiewicz, JLMS, 10 (1935), 268-72, proves the ‘incomparability’ of 
(R,2) and (R,). See also Kuttner, PEMS (2), 40 (1936), 524-40; Hardy and 
Rogosinski, PCPS, 43 (1947), 10-25 (where it is shown that the methods are ᾿ 
incomparable even for Fourier series). 

§ 4.18. For all this see Hardy and Chapman, QJM, 42 (1911), 181-215. 


V 
ARITHMETIC MEANS (1) 


5.1. Introduction. The simplest method of summation of a 
divergent series is the first method of §1.3. There are many important 
generalizations of this method, and in this chapter we shall discuss 
some of them more systematically. We shall find it convenient to 
change our notation, writing A, instead of s,, and A for the sum of 
the series instead of s. Thus > a, = A (C,1) means 

| lim 404i t+ tAn ὩΣ: 
n-+l1 
We shall also sometimes use A for the series, as well as for its sum, 
and say, for example, that ‘A is summable (C, 1)’ (naturally to sum A). 


5.2. Hélder’s means. The most obvious generalization is that first 
made by Hélder, who defined a sequence of methods which we shall 
call the (H, &) methods. 

The (H, 1) method is the same as the (C, 1) method: thus 


1—1+1—... =} (H,1). 
The method fails for 1—2+3—4-+-..., since here the A, are 1, —1, 2, 
—2, 3,..., and ξὰ-- Apt Art it Ang 
| ὡ n-+1 


is 4(n-+ 2)/(n-+1) if ἢ is even and 0 ifn is odd. We can, however, obtain 
a limit by repeating the averaging process; for the first of these values 


is 4-+-0(1), and so pi H}+Hi+...+Hh 1 
Ἶ n+1 4° 
Similarly, three averagings will give ᾧ as the sum of 1—3+6—10+.... 
We are thus led to define summability (H, k), for any positive integral 
k, as follows. We define H*, for k = 0, 1, 2,..., by H2 = A, and 
Arti — Hot Hit... tan 
n+l 
If H* + A when ἢ - οὐ, then we say that δ᾽ a, is swmmable (H,k) to 
sum A, and write 
(5.2.2) ayota,+a,+...= A (H,4). 
By summability (H, 0) we mean convergence. 


(5.2.1) 


+ We write H}, H3,... rather than HH, H®),... for convenience in printing: the indices 
cannot be read as powers. 
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5.3. Simple theorems concerning Hélder summability. We 
shall find that Hodlder’s definitions, although the most obvious 
generalizations of the (C, 1) definition, are for most purposes not the 
most convenient. They have, however, certain advantages. In parti- 
cular, if we write H*(A) for the H® formed from the partial sums 4,, 
and denote the sequence (H*(A)) by H*(A), then it is obvious from the 
definitions that 

Hi{H"(A)} = H{H*(A)} = By (A); 

and this makes the proofs of some theorems particularly simple. 

ΤΉΒΟΒΕΜ 38. If >a, = A(H,k), where k > 0, and k’ >k, then 
da, = A (H,k’). 

This follows at once from the definitions and Cauchy’s theorem of 
§ 1.4. 

ΤΉΒΟΒΕΜ 39. If >a, = A (H,k), then A, = o(n*) and a, = o(n*). 

For H* = A-+o(1) and so 
Hk-1 — (n+1)H*—nH*_, =o(n), H#-* = (n+1)Hk-1—nHk_} = o(n?), 
.., A, = H®9 = (n+1)Hi—nHh_,=o0(n*), dy = Ag—An-1 = 0(n*). 

This is the ‘limitation theorem’ for the (H,&) method. It shows, for 
example, that (as we saw directly in §5.2) the series 1—2+3—4-4 ... 
cannot be summable (H, 1). 

The next theorem reveals some of the inconveniences of the Hélder 
methods. i 


THEOREM 40. The (H,k) method has the properties expressed by 
(x) Σ Ca, = Ca, (8) Σ (@n+5n) = LY α, ἘΣ On: 
(γ) ἀρ. α, α;-Ἐ... = ἀρ-Ε(α, -Γα,-...), 

(ὃ) ἀρ-Ἐ(α; -Ἐα.-Ἑ...) = ἄρ-Ἐα, -ας-Ἐ.... 

Here each equation is to be interpreted in the sense ‘if the right-hand 
side has a value, in the (H, k) sense, then the left-hand side has a value 
in the same sense, and the values are equal’. Thus (δ) means ‘if 
a)+a,-+... is summable to A, then a,+a,+... is summable to A —a,’. 

The properties («) and (β) are trivial (and true of any linear method). 
If k = 1 and 6, = a,,,,, then B, = — and 

n+1 ΓΞ (4 nas 2 "1: 
and (γ) and (δ) follow. But the relations between the means of the a, 


and the 6, are not simple for higher values of k, and we postpone the 
rest of the proof to ὃ 5.8. 
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5.4. Cesaro means. The Holder means were defined by a process 
5> δὲ δι, where > is summation from 0 to n and ὃ is division 
by n-++1, operating on Ag, A,,.... The Cesaro means are averages defined 
by k summations followed by a single division. 

We write 


(5.4.1) Al =A, =a ta,+...fa,,.., A‘ = ARI4 ARI4... 4 ARAL, 
and H* for the value of A* when a, = 1 and a, = 0 for n > 0, 1.6. 
when A, = 1 for all n. If 


(5.4.2) Ck(A) = Ak/Hk +A 
when n -> οὐ, then we say that > a, is summable (C,k) to sum A, and 
write 


(5.4.3) A+a,+a,+... =A (6, 1). 
It is easy to express A* explicitly in terms of A, or a,. We have 


-D __ __1\n —Pp n n+p—l1 Ne 
tone Sem teed τ)» 
an 
> Aka = (1—a)-1 ¥ Ak-tgn = (1—x)-2 Σ Ak-2z".., 
== (l—z)-* > Α απ = (1—2z)-*-1 5 a, 2. 
Thus > Ak = > eu "»» Σ Α4͵,.." 


and 


Ν n—vt+tk—1 _ v+k—1 
(5.4.4) AR — > [ ae 4, -- > [ ize J net 
Similarly, 


(5.4.5) Ak — > =a a, = > [Ἴων 


If ag = 1 and the remaining a,, are 0, then A* reduces to wy! 
Hence 
(5.4.6) Ek = ey = eS 
k 
Also ex a ea Ee hes, = 
so that summability (Ὁ, £), to sum A, may also be defined by 
(5.4.7) kin-kAk > A, 


+ Here we use a natural extension of the convention of ὃ 3.1. A sum Σ αν β,..ν» 
without limits, is extended over those ν for which ν and n—v are non-negative, i.e. 
over Oc van. 
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More generally, we have 
> Akar = (l—2)-*-) > Akan > Akam = (1—x)F-* Σ ΑΝ; 
and so 


(5.4.8) | AK = ΣΙ παρε ΞΕ 
κ... .- Τὴν k'—k k’ 
(5.4.9) Ak = > ( ιν : | 4k, 


These formulae are essentially the same, since 


k—k\ (vt k—k’—1 
Co) =e) 


so that (5.4.9) is (5.4.8) with k and k’ interchanged; but the forms 
given are the most convenient when k’ > k. Since the coefficient in 
(5.4.9) is 0 when (k’ and & are integers and) v > k’—k > 0, it may also 
be written as 


Ak k’—k k’—k Ak 
5.4.10 = —1l)’ ΠΝ 
(5.4.10) t= DD [τ 74: 
We can use (5.4.10) to define A* for negative k. Thus, if k = —p 
and k’ = 0, it becomes 


Az? = A,— (2) Anat [})4,..--. = (ὩρΔΡΑ,. ;. 
In particular 
and it is often convenient to use this convention. 


5.5. Means of non-integral order. We have supposed so far 
(except in the last paragraph) that k is a positive integer, but the 
formulae (5.4.4)—(5.4.7) remain significant for non-integral k, and enable 
us to give more general definitions. 

If k is a negative integer, and we define Εἰ either by (5.4.6), or as 
the coefficient of 2” in (l—z)-*-!, then HK = 0 for n > —k—1, and 
definition (5.4.2) fails. We must therefore exclude these values of k, and 
it proves best to suppose that k > —1. We then define Aj by (5.4.4) or 
(5.4.5), EE by (5.4.6), and summability (Ὁ, 6) by (5.4.2). The asymp- 
totic formula for E* is still valid if we interpret k! as ['(k+-1), and we 
can use (5.4.7) with this interpretation. 

To show the desirability of the restriction k > —1, we suppose 

> a,x" = (1—2z)?, 
where Ὁ is positive and non-integral. Then 


«.-.ῬΦΈΙ). τ π-- 1) ne 
ota n! I(p)’ 
4780 H 
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so that > a, is a divergent series of positive terms. But > ΑΚ" = (1—2)-*-1-?, 
‘and in particular Σ᾽ 4 προ τῳ" = 1. Hence AZ?! = 0 forn > 0, and so (if we do 
not restrict k) > a, is summable (C, —p—1) to sum 0. It would be very incon- 
venient for most purposes to attribute a finite sum to a divergent series of positive 
terms.f 

We shall therefore suppose generally that k > —1; but it is sometimes con- 
venient to use a special definition of summability (C,—1). We shall say that 
> ας is summable (C, —1) to sum A if (i) it converges to A and (ii) a, = o(n7). 

If Ak = O(n*) then we shall say that A,, 1s bounded (C, k), and write 

A, = O(1) (0,1). 
More generally, by 
A, = o(n') (C,k), A, = O(n") (C, k), 

we shall mean AE = o(nit), Ak = O(n'+*), 


And we shall use similar notations for other methods of summation: thus 
> α, = O(1) (A) will mean that > a," = O(1) when z > 1—0. 

In what follows we shall sometimes work with a general k and sometimes 
restrict k to integral values. Most of the theorems with which we shall be 
concerned are true for all k > —1, but the proofs are often much simpler for 
integral k. Thus we have often to use the difference 

Aku, = U,— (ἢ). μτὶ (5) Unig 


This is a finite sum when k is integral, but the generalization for non-integral k 
is an infinite series, and this often leads to serious complications. In such cases 
we shall usually suppose & integral. 


5.6. A theorem concerning integral resultants. The sum 


(5.6.1) Cr, = DY a,b,= Σ αν, γε > α, νῦ, 
μεν. 

and the integral 

(5.6.2) c(x) = [ a(t)b(a—t) dt = [ a(x—t)b(t) dt t 


are called the resultants of a,, 6, and a(x), b(x). There is one pair of 
theorems concerning such resultants which we shall use repeatedly, and 
which will be particularly important in Ch. X. 


THEOREM 41. [fr > —1,s > —1, and 


In+-r nt n+s nt 
(5.6.3) Qn [ ᾿ )α T+)” ὃ, [ 8 Je Πρ ΠΡ’ 
then 
n+r+s+1 ἀπ 
en ἐ ( rte+l )» ΓΕΘ 
+ Though some definitions do this: thus 1-2--4-... ΞΞ —1 according to the € 


definition of §1.3. See also §§ 13.10 and 13.17. 
{ Here we use 8 convention similar to that of ὃ 5.4: the range is O< ¢< 2. The 
German equivalent of resultant is Faltung. 
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ΤΉΒΟΒΕΜ 42. If r > —1, s > —1; a(x) and (x) are integrable over 
any finite interval of positive x; and 


(5.6.5) a(t) ~ as", δ(α) ~ Bas 
when x -> 00; then 

- D(r+1)P(st+]) pais 
(5.6.6) c(x) “Teese toes 


In these theorems a,, ~ ee a,..., (2) ~ αἱ... are to be interpreted 


as a, = 0(n"),..., a(x) = ο(α7),... if α or β is 0; we leave the necessary 
modifications of the proofs to the reader. There are similar theorems in 
which hypotheses and conclusions involve O instead of o. 


Theorem 41 may be deduced from Theorem 42 by taking a(z) = a, 
and b(x) = 6, forn <x <n+1, when c(n+1) reduces to c,. 


In proving Theorem 42 we may suppose a = 8 = 1. We choose 
ὃ = δ(ε) so that 


(5.6.7) 0<6 <i, δ < (r+l)e, δ511 < (s+ 1)e, 
and also 


1 1-8 
ς ΓΡΈ)Γ(6-Ή1 _ Bp Ἰνὼ ἡ δὰ 
(5.6.8) y= = | wo μ)" ἄτι «Ξ Ι u’(1—u)* dut+e; 
| 0 ὃ 
and write 
ὃ: (1--δ)α x 
(5.6.9) o(m)= f+ f + f = ex(e)+ex(e)+e5(2). 
0 δα (1--δὺὴΣ 


When ὃ is fixed we can choose x) = ζρ(δ, ε) = 2(e) so that 


(1—58)z (1—98)z 
(1—e) J ut(x—u)* du <c,(x) < (1+e) i ul (2— uy? du, 
dz 
1-3 . 413: 
(1---ε)αγ "5 [ ur(1—u)* du «- ¢,(x) < (1+e)art#+1 f u'(1—u)* du, 
ὃ ὃ 


for ὦ  χ9. It follows, after (5.6.8), that 


ur +8 +1 


1--ὃ 
Him S821 < (+e) f wu) du «ς (Ite)7, 
| , 


grts+l 


1-5 
tim £20). > (1—e) [ w(1—u)* du > (1-ey—e. 
ὃ 
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On the other hand, there are numbers H and K such that |a(x)| < Kar 
and |b(x)| « Καθ for x >H. Hence if, as we may suppose, 52, > H 
and (1—3)z, > H, we have 


da H da 
[e,(x)| < Κα | la(u)| du < ca | [a(u)| du bait ὦ du 


< Kz i ja(u)| du EW «skis rel τ tet, 


It follows from this and (5.6.7) that 


[c4(x)| 
lim 25 a 2 Ke, 


grtst+1 ς 


and there is plainly a similar inequality for |c,(x)|. 
Collecting our results we see that 


lim c(x) < Tim 2) 4 fim ΩΣ iim [¢s(x)] < (l+e)y+2K*%e, 


ΤΊ 8:11 yrts +1 arts+1 


I, lim SAS) _ firm aE) πο Mall (1 yy (1-4-2, 


ar +8+1 αἹΤ 8:11 


and so that 6(4) ~ yartst}, 


We can, of course, prove Theorem 41 directly in a similar way, the part of 
the formula 


Trt UT(6+1) pres 
ες πὴ um τ πὰ 
being played by an identity between binomial coefficients, viz. 
vray ts) - Genes, 
oa) > ( r 8 ΠΛ rtetl 7 


5.7. Simple theorems concerning Cesaro summability. We 
begin by proving the theorems for Cesiro means corresponding to 
Theorems 38-40. 


THEOREM 43. If k’ > k > —1 and Sa, = A (C,k), then 
>a, =A (C,k’). 
For, if k’ = k+6, then 


by (5.4.8); and Ak ~ [14 It follows from Theorem 41 that 


ve _ (mth +8 - ("5") 
Ak [ ape JA wes 
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In particular, taking k = 0, and writing k for k’, we have 
ΤΉΞΟΒΕΜ 44. If k > 0, then the (C,k) method is regular. 


Since the coefficients in C¥(A) are non-negative when k > 0, it follows 
from Theorem 9 that the method is totally regular in the sense of ὃ 3.6. 


It is instructive to deduce Theorem 43 from Theorem 2. If we express ΟἿ (44) in 
terms of Ck(A) from (5.4.8), with k’ = k+6 and v,n—yv interchanged, we find that 


Ck (A) =F > Cay Ck(A), 


wien nen ANCES 


fory <nandc,, = 0 fory >n. Then cy, > 0, Cy, = O(n-*-1) when ν is fixed 
and n —> 00, and >c,, = 1 by (5.6.10), so that the conditions of Theorem 2 are 
satisfied. Also, since cy, > 0, Ck(A) —> o implies Ck'(A) — oo. 


Theorem 43 remains true for k = —1, if we use the definition of 
summability (C,—1) given in §5.5, but it needs a different proof. 
Actually rather more is true. 


THrorEM 45. Jf > a, converges to A, and a, = Ο(π 1), then 
da, = A (C, —14+8) 


for every positive ὃ. 
We may suppose A = 0and8 <1. We write 
ὃ---.] N-1 n 
(5.7.1) Azits -> ee ‘\a a 2 + Σ = §+8,, 


v=0 


where Ν᾽ = [wn],0<aw< 1. Then 


4 οὐ) εἰς o00(,1,) = of.) = (=o) 


uniformly in w. We can therefore choose w so that 
(5.7.2) 1S, | < end-1, 


Next, if u, = gw ‘|, Uy—U,_1 = ew Ἵ Ἴ- Ο(νδ-3); and 


(5.7.3) Sy = Uy Q,_ntUyy1 α,-ν- 4. τ Uy ἀρ 
= A g(t, — Un) +Ay(Up_a— Una) +--- FAn_w-a(tyia—Uy) +An_n Uy 


="¥“o(1)0(n8-8)-+-0(1)0(n8- = o(n?-). 


Finally, it follows from (5.7.1)—(5.7.3) that n1*471+° + 0, ie. that ¥ a, 
is summable (C, — 1-1-5) to sum 0. | 

THEOREM 46. If k > —1 and Sa, = A (C,k), then AX = o(n*) for 
kb’ <k. 


102 ARITHMETIC MEANS (1) [Chap. V 


This is the ‘limitation theorem’. It is not necessary here to suppose 
k’ > —1; in particular the result is true when k’ = —1, Ak —a,, 


We take A = 0, so that A* = o(n*), and write k’ = k— 5, 80 ane 
5 > 0. Then, after (5.4.8) and (5.4.9), 


av = DS) Ate = > rat, = Saat, 


say. If is an integer then, by (5.4.10), A® is a linear combination of 
6-+1 of the ΑΚ, with coefficients whose moduli are all less than 
(1+1) = 28; and so A¥ = o(n*). 

If 5 is not an integer, then Γί-- δ)ά,, ~ n-*-! and > |d,| <0. We 
then write 


[37] 


Ak — ΣῈ d, Ak_, = S,+8,. 


[tn] +1 
Here 


Si «Σ Ια μάν as = id, ||o(n*)| = o(w* ¥ |d,|) = o(n*), 


n 5 n—[tn] 
Sel < IGN AR] = O[nF2 ΟΣ, μὴ = O(nk>) = ofnh), 
since k > —1 and ὃ > 0; and the theorem follows. 


THEOREM 47. The (C,k) method has the properties («)—(5) of 
Theorem 40. 


It is only necessary to prove (y) and (5). We have to show that, if 
δ, = G41, then either of } a, = A (C,k) and > b, = 4.---α (C,k) im- 
plies the other. But 

> Aka” = (l1—ax)-*-1 Sa, 2” = (1—x)-*-Hag+ea Σ᾽ b,x"). 

Hence Ak = H*a,+ B*_, for n > 0, and the conclusion follows. 

THEOREM 48. Jf > a, 1s summable (C,k), where k > —1, then 
Am = (An —Fn41) + (Gms1—Amte) ++. (C, 1). 

We may suppose, after Theorem 47, that m= 0. If ὃ, = a,—Qni1 

then B, = αρ--α,,..1 = G—U,; say, and 

B= > ( ide Nia u,) [ tag στ, 
Now > τ, is summable (C,£), by Theorem 47, and U%~! = o(n*), by 
Theorem 46. Hence BE ~ [1 αν and > b, is summable (Ὁ, ζ) to 
SUM Ap. 


The theorem may be stated in the form if > a, is summable (C, k) then 
a, > 0 (C,k), and is also true (and trivial) for k = —1. 
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5.8. The equivalence theorem. Our next theorem is ΟΙΒΟΒΟΟΥ 
more difficult. 

TurorEM 49. The (C,k) and (H,k) means are equivalent: if > a, is 
summable (C, k), then ἐξ is summable (H, k) to the same sum, and conversely. 


Here naturally & is integral, since we have defined Hélder means only 
for integral k. We begin by proving | 


THEOREM 50. Jf 


8g + 8y ...- 8, 
(5.8.1) Ny = cerns 
then the hypotheses 
(5.8.2) 8s, >8 (C,k),  m,>s (C,k—1) 


are equivalent. 


We define s* as we defined A* in ὃ 5.4, so that 
(5.8.3) = [1 )oxe 8); 
and m*, C¥(m) similarly. We have, by partial summation, 
Σ o+p)u, = (n-+p)ak—"S up = (n+ p-+1)uh—ut, 
for any p and n. Hence, since 81 = (n+ 1)m,, we derive successively 


83 -- Σ (v-+l)m, = (n+2)mi—m?2, 383 = (-Ἐ 8)ρι8.---2γη3,..,, 


(5.8.4) sk = (n+k)mk-1—(k—1)mk; 
and from (5.8.3) and (5.8.4) it follows that 
(5.8.5) Ck(s) = kC*-1(m)—(k—1)Ck(m). 


First, Ci~1(m) > 8 implies Ci(m) > 8, and so Ch(s) > 8. 
Secondly, _— that C*(s) - s. Since m™-1 = mk —mk_,, (5.8.4) is 


== (n+1)my—(n+k)my_, 


or 

(5.8.6) Ok(s) = (n+1)Ck(m)—nCk_,(m). 
From this it follows that 

(5.8.7) (n-+1)O%(m) = CF(s)-+O%(s)+... + OX(8), 


and therefore that C*(m) -> 8. Finally, (5.8.5) shows that C*-1(m) > s. 
This proves Theorem 50: and it is easy to deduce Theorem 49. For, 
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applying Theorem 50 & times in succession, we see that the hypotheses 
Cy(A) >A, CK-YH\(A)} >A, ..., CLLH-1(4)} >A, H(A) >A 
are all equivalent. | 


It is plain that Theorem 40 (§ 5.3), the proof of which we postponed, 
now follows from Theorems 47 and 49. 


5.9. Mercer’s theorem and Schur’s proof of the equivalence 
theorem. Schur’s proof of Theorem 49 is similar in principle, but 
makes the relations between the various matrices involved more explicit. 
It depends on an important theorem of Mercer. 

THEOREM 5]. If a > 0 and 
(5.9.1) t, = «8,-+(1l—a)m, > 8, 
then 8,, > 8. 

We define m_, as 0. Then s, = (n+1)m,—nm,_, for n = 0, 1, 2...., 
and 
(5.9.2) t, = (an+1)m,—anm,_, (n = 0, 1, 2,...). 

We choose qo, 91, 4»... 80 a8 to satisfy 
Jo= 1, 4ρ-α4, = 9, (α-Ἐ1)4,---2ας, = 0, (2x+1)G,—3ag, = 0, 


Then 
_latl 2. 1 (n—1)a+] I'(n+B) nB-1 


dn a 20 8a ὃ πα = Γ(βΒ)Γ(.- 1) “ae Tp)’ 
where 8 = 1/a; and - 
(5.9.3) 40 ἘΦ. Γ...-Ἐ4Φ, ™ Tet) ~ (an+1)dy- 


Multiplying the equations (5.9.2) by 40; q,,..., adding, and using (5.9.3) 
and Theorem 12, we obtain 
— VlotHt---TIntn _. 8: 

(an-+1)q, 
and it follows from (5.9.1) and (5.9.4) that s,—->s. This proves 
Theorem 51. 

We use the following notation. If the transformations T and U are 
the same, i.e. have the same matrices, we write T= Ὁ. If T and U . 
have coefficients c,,, and d,,,, then «I+ U is the transformation with — 
coefficients oC, »,+fPd_n». If t = T(s), as in §3.1, and u = (ἡ), then we 


Ἰὼ u = UfT(s)} = UT(s). 
If UT = TU, we say that T and U are commutable. We write T? for 
TT, Τὸ for TT?, and so on. 


(5.9.4) Mn 
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If T has an inverse, 1.6. a transformation δ such that ¢ = T(s) 
implies 8 = S(¢) and conversely, we write T-! for S. If E is the identity, 
1.6. the transformation t,, = 8,,, then T-!1T = TT-1 = E. A triangular 
transformation in which c,,,, + 0 for all m has an inverse. 

We write H™ and C for the (H, &) and (C,k) transformations, and 
H, C for H®, C®, Thus H = Cand Ἠῶ = H*. If (m+1)é,, = sp+.-- +3, 
then s,, = (m+1)t,,—mt,,_,. Thus the matrices of H and H-! are 


1ooo. . ] 0 0 0 
0 0 —l 2 90 0 
H/] = 2 $ . . ~1{ — 


Since A7-1 = Ar—Ar_, and ey Cr(A) = Az, we have 


"Οπ 14) = (n-+r)Cx(4)—nC,_4(A) 
= {(n+1)03(A) —nO4,_(A)}-+(r—1)0%(A) ; 
and so rCr-) = H-1CM+ (r—1)@™, 
(5.9.5) HCt-) = pC®+(1—p)HC® = SCO, 
where p = 1/r and S® is the transformation 
5. — pE+(1—p)H. 


Hence H*-r+1C¢-) — Ἠκ-τ ὦ for 0<r<k. But H*- is com- 
mutable with H and with Εἰ, and so with δ). and therefore 


(5.9.6) | He-+r+tCr-) — SOHF'- CO O<r< k). 
We define T by 
(5.9.7) T = Hk"C (O<r<hk), 
so that Τῷ — C and Τὸ — H*. Then (5.9.6) is T¢-) = ST: and 
therefore re eee 
(5.9.8) ἐ{5--1) — rHp+(1— "" δ τ. 4 


ἐ{7) being the result of operating on A, with T”. Hence, by Theorem 51, 
the hypotheses ἐ{7) > A and {{{--1)..» A are equivalent. That is to say, 
T and T*-» are equivalent, and therefore Τὰ and T® are equivalent. 


It will be observed that here we use the transformations C™, HC®-1), H2C(k-2),,.., 
H*, whereas in ὃ 5.8 we used C#*), C#-DH, C#-2)H’,..., H*. Actually H? is com- 
mutable with C® for all » and gq, so that H*C#—) = C&-Hr, and the two sets 
of transformations are the same. This is not difficult to prove directly, but the 
full reason for it will not appear until §§ 11.3—4. 
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5.10. Other proofs of Mercer’s theorem. From the many other proofs of 
Theorem. 51 we select two. 

(A) Knopp’s proof. One proof, due to Knopp, has the merit of avoiding all 
algebraical calculations. We may suppose without loss of generality that s,, is 
real; and it is sufficient to show that s, tends to a limit. 

Given n > 0, we distinguish the two cases (a) 8, < my, (b) 8s, > m,. Since 
8, = (n+ 1])my—nMy_1, 8, <M, Implies My_,1 > m, (and 8), > My, 8, = My 
imply m,_, < m, and m,_, = ὕλη respectively). 

(1) Suppose that 
(5.10.1) limm, = οὐ. 


Then, given Οὐ, there is a Ὁ for which m, > G. If n = p is in case (a), then | 
My, > M, > G. If also p—1 is in case (a), then m,_, > mMyp_, > G; and so on. 
If all of p,p—1l,...,2 are in case (a), then m, > G, and this is impossible for 
large α΄. Hence one of these numbers must be in case (δ), and there is a 4 such 
that s, >m, > α΄. But then 


ty = a8,+(1—a)m, = m,+o(8g—m,) > G, 


a contradiction for large G, since ἔς is bounded. Hence limm,, is finite; and 
similarly lim m,, is finite, so that m, is bounded. 
(11) Suppose that (m, is bounded and) 


(5.10.2) 1 = limm, < limm, = L. 


Then there are numbers h and H such that h < H and each of m, <h,m, > H 
is true for an infinity of n. Suppose, for example, that 


(5.10.3) My « ἢ, m, > H, q> Pp. 


If g is in case (a) then, as before, m,_, > m, > H. If all of g,q—1.,...,.p+1 are 
in case (a), then m, > H > h, in contradiction to (5.10.3). It follows that there 
is an r, greater than p, for which s, > m, > H and 


(5.10.4) t, = a8,+(l—a)m, = m,+a(s,—m,) > Η. 


And, since p may be as large as we please, (5.10.4) is true for an infinity of r. 
Similarly ¢, < h for an infinity of r; and this and (5.10.4) together contradict 
the hypothesis that ἐ, tends to a limit. It follows that (5.10.2) is false, and that 
m,, tends to a limit; and therefore, by (5.9.1), s, tends to a limit. 
(B) Hardy’s proof. Another proof, by Hardy, gives rather more, in particular 
the extension of the theorem to complex a. It is convenient to begin by a trivial 
transformation of the theorem. 


We write  ——— Unyy = α(δρ- 8. ...-Ἐ 89)» a = (a—1)/a. 
Then (5.9.1), with n—1 for n, becomes 
(5.10.5) Un — Ug_1— AU, [ἢν -- 8, 


and positive values of « correspond to values of a less than 1. Mercer’s theorem 
asserts that u,—wu,_, and w,/n then tend to s/(l1—a). We prove, more generally, 


THEoREM 52. Ifa = a+iB and α ΞΕ 1, then (5.10.5) wmplies 


Iin+1) 87. 
τι Isat 


Un = CO 


Ifa <1, then C = 0. 
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We may suppose that 8 = 0. We write 


_ (n+l), _ 
Un = T'(n+1—a) —a) Pn fnPn: 


Then f,, ~ n* and f,—fn_1 = af,/n. Hence 
fn-i(on—Gn-1) so Jn φ,-- φ,..-- (fn—fn—wOn 
= Un_—Un_1 —aU,/n = 0(1), 
and so ¢d,—¢y_, = 0o(n-*). If a < 1 then | 


Pn = Got > bm~bn-1) = dot Σ o(m-*) = o(n'—*) 


cand τ, = O(n)o(n'-*) = o(n). If « > 1 then the series > (¢m—¢m_1) is con- 
vergent, ¢, tends to a limit C, : 


$, = O- Σ (bmr— bm) Ege > o(m-*) = C+o(n-*), 


and u, = Cf,+0(n). 

There are theorems of the same kind concerning ‘asymptotic differential 
equations’, and one particularly simple theorem which we shall use later, viz 

THEOREM 53. If f(x)+f’(2) > 0 when x — oo, then f(x) > 0. 

This may be proved directly as follows. If f’ is of fixed sign from a certain z 
onwards, then f is monotonic. Thus f tends to a (possibly infinite) limit 1, and 
f’ -" —l; and these conclusions are contradictory unless I = 0. If, on the other 
hand, 77 assumes values of either sign for values of x beyond all limit, then f — 0 
when ὦ --ΞΞ oo through the values which make f a maximum or minimum, and 
therefore when x -- oo in any manner. 


5.11. Infinite limits. It is natural to ask whether the equivalence theorem 
extends to the case in which the limits are infinite. Here the answer is negative. 


THEOREM 54. If 8, — © (C,k) then 8, —> 00 (H,k). The converse is false when 
k> 1. 


Here again k is integral. It follows from (5.9.5) that 
H=C®, H?= HC = 40c@+4HC®, 


H? = JHC®)+ $H2C® = 10+ HC +1 H2C0), 
and generally ) 


k-1 
(5.11.1) He = > Ae.» HC), 
p=0 
where a, > 0. Hence 
k-1 
(5.11.2) Ak(s) = > ay» HR{C™(8)}. 
p=0 
Also ᾿ 
φ 
(5.11.3) H{C®\(s)} = Σ Pay g CP(8), 
qa=0 
_ where hy». > 0; and it follows from (5.11.2) and (5.11.3) that 
n 
(6.11.4) H¥(s) = 2 δα, «Οὐ (6), 
where Ok na = ΞΣ ἄχ» ἤῃ,»,.« 0. 


Consideration of the case in which s, = 1 for all τὸ shows that > bp κα = 1. 
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The equivalence theorem shows that the transformation (5.11.4) is regular, 

and, since ὄχ, > 0, it satisfies the conditions of Theorem 9. Hence 

(5.11.5) lim O{})(s) < lim H¥(s) < lim HX(s) < lim C{*\(s), 

and s,,—> 0 (Ὁ, k) implies s, —> οὐ (H,k). This proves the positive half of Theorem 

δά. 


To prove the negative half, suppose that k > 1 and ΟἹ) (8) = 2m, ΟἹ (8) = 0. 
These equations define a sequence (s,) for which 


lim OfP(s) = 0, lim Of(s) = οὐ, 
and H,,{C\*)(s)}—> oo. By (5.11.2), Hk(s) > a,,H,{C™(s)}— oo. Thus s,, —> 00 (Η,, 1), 
but 8, —> 00(C, k) is false. 


5.12. Cesaro and Abel summability. Theorem 43 shows that 
the strength of the (C, &) methods increases with k. Our next theorems 
show that the A method is stronger than any of them. 

THEOREM 55. If > a, = A (C,k), for some k, then > a, = A (A). 

THEOREM 56. There are series summable (A) but not summable (Ὁ, k) 
for any k. 

We need a lemma, important in itself. 

TurorEM 57. If d,>0, }d,=0, Dd,” is convergent for 
0<2<l,andc, ~ Ad,, where A + 0, then 

C(x) = dc, Rien = ASd,x" 
when x -> 1. 

We may suppose c,, real and 4 = 1. Then c,/d,, lies between 1—e 

and 1+ for n > N = N(e). Hence, on the one hand, 


N 00 N 
= Yc,a"+ DY cyx” < (1+€)D(x)+ D leq lz", 
0 NF1 0 
and on the other 
N 
C(x) > (1—e)D(x)— Σ d,z"— > Ἰῤλ αν, 
0 
Since 
lim D(x) > lim Σ d,,x" = Dy 
0 
for every NV, and so D(x) > 00, it follows that 


Ole) σα)... 
pat Pepa 


and therefore that C(x) ~ D(z). 
Theorem 55 is a corollary. We may suppose A ~ 0. Then, as in 


§ 5.4, Ale > Akan 
— {ee n cate n . 
f(x) eo Dd an% (1—x)-*-1 > BE gn’ 


and Ak ~ AEE, so that f(x) > A. 


= 1—e, 
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To prove Theorem 56, we define a, by 
(5.12.1) f(z) = e+) — ἃ 2%. 
Then f(x) is regular except for x = —1, so that the series is convergent 


for |x| <1; and f(x) > et when x1. On the other hand, a, is not 
O(n*) for any k; for this would involve 


f(z) = O(  n* |x|") = O{(1—|2z|)*-4}, 
uniformly in the circle |z| <1, whereas f(x) tends to infinity like 
eNa-Iz) when «> —1 by real values. It follows from Theorem 46 that 
> α, is not summable (C, ζ) for any k. 


A more elegant example of 8 series with the properties desired is > (—1)"ecv", 
where c > 0. The a, of (5.12.1) is roughly of this type, but the proof of this is 
more troublesome. 


5.13. Cesaro means as Nérlund means. The (C, 1) means are 
the (N, p,,) means with 


Pn = gee! p(x) = > fc = (1—2)-*, 


The (H,&) means are not Noérlund means (except when k = 1). It is 

interesting to find examples of Nérlund means (a) stronger than any 

Cesaro mean and (δ) weaker than any Cesdro mean of positive order. 
(a) We suppose ἃ integral, and take 


_ [n+k-1 er 
P= (Ey ) In = έ ’ 


when P, = O(n*), Q, ~ 2Vvne*™; and define x, by 
q(x) 

k(t) = > κ, αὶ = S— = (1—2)q(z), 
so that Ky = (—1)FAketn-®)  Q-kn-thevn 
forn > k. We have to show that summability (N, p,) implies summability — 
(N,¢,), and we use Theorem 19. The second condition of the theorem is 
plainly satisfied, and it is enough to prove that 

> ev@—-™(n—m)-*m*k = Ο( ΝῊ 655), 
the summation extending over 0<m<n. The terms in which 
m > $n give O(e%") with ac <1. Finally, 
m 


vn—(n—m) > at 


evin—m) — evne—imivn 


Τ We use « for the k of ὃ 4.3, since k is required otherwise. 
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and the remaining terms give 
O(er™n-tk Σ᾿ ημερ--ἔνηνηλ — Olen -te(] —e-in-t)-k-1} 
= Ofevrn-teytet+D} — O(n 655). 

(ὃ) The means for which p,, = (n+-1)-! have been called by M. Riesz 
+k—] 
k—1 
(N, In) is (C, k). Then Pr < Pn-1Pa+» and PalPn—1 < InlIn-1 if 
(n+1)(n+k—1) > n*, ie. if nm > (1—k)/k. Thus the conditions of 
Theorem 23 are satisfied, and summability (N, p,,) implies summability 
(C,k) for every positive k. 


‘harmonic’ means. We take q, = [ ) where k <1, so that 


5.14. Integrals. The definitions for integrals corresponding to those 
of §§5.2-5 are as follows. We take the lower limit of integration to 
be 0, and suppose, to avoid minor complications, that a(x) is bounded 
in every finite interval (0, X).7 

We write 


H(z) = A(x) = | a(t) dt,  H¥(2) =+ | HF-(t) dt. 
0 0 


If H*(x) - A when x > 0, we write 
A(z) >A (Hk), [α( de = A (Η,}),} 
and say that the integral is summable (H, xk) to A. If 


A(x) = 44), Ακ() = [ Ay χ(ἢ dt, 


and ki a-*A,(a) > A, 
then we write 


A(x) >A (C,b), { a(x)dz = A (ΕΟ 1), 


and say that the integral is summable (Ὁ, k) to A. 
These definitions are for integral k. If k is integral, then 


(5.14.1) A,(z)= A,-1(t) dt = | («--ἢ 4, «(ἢ dt... 


_ = | (x—t)F-1A(t) dt =F | (x—t)Fa(t) dt, 


by repeated partial integration; and these formulae suggest the exten- 


+ See the note at the end of the chapter. 
{ Integrals without limits being as usual over (0, 0). 
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sion of the definitions to non-integral k. We say that the integral 
[ a(x) dx is summable (C,k), where k > 0, to sum A, if 


(5.14.2) 
Aula) = 5 [τ διά at = [ (1) a ae Α. 


The second form, with a(t), may be used for all k > —1. 
If A,(z) is defined by (5.14.2), and k > —1,1 > 0, then 


x x t 
I - ΜΒ ] 3 = ia 
WO | (a—t)'-14 ,(t) dt = γα ἡγῇ J (a—t)-1 dt | (t—u)*a(u) du 
0 0 


i 


- μἡκ(χ---)1- 
= rear “Ὁ ak u)*(x—t)— dt 


=F ETE if (x—u)*Ha(u) du. 


Thus 
(5.143) Apule) = pap αἰ (oH Axl dt (k > —1,1> 0). 


This is the analogue of (5.4.8). 


5.15. Theorems concerning summable integrals. There are 
theorems for integrals corresponding to most of those of §§ 5.3—11, and 
᾿ the proofs are usually a little simpler than those of the theorems for 
series. There is, however, one important difference. If > a, is con- 
vergent then a, — 0, whereas there is no corresponding theorem for 
integrals. Thus there is no limitation theorem such as Theorem 46, 
and this destroys the analogy in some ways. . ὧξ 

We summarize the main results, leaving the proofs, for the most part, 
to the reader, and emphasizing only what points of difference there are. 

If | a(x) dx is summable (C,k), where k > —1, then it is summable 
(C,k’) for k’ >k. The proof depends on (5.14.3), and is otherwise 
similar to that of Theorem 43. 

The methods have the properties analogous to those of Theorem 40. 
In particular 


(5.15.1) a(x) dx = | a(x) dx + | a(x) dx (C,k) 
cea cei | 
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if the last integral is defined as [ a(c+y) dy and either side of the 
equation has a meaning. 

The (Η, ζ) and (C,) definitions are Sauivalent: This is most easily 
proved by a modification of the proof of § 5.8. We have to show that, if 
8,(x) is defined like A,(x) in §5.14, and 


zx 
C*(x, 8) = k!x-*s, (x), m(x) = = { s(t) dt, 
then the assertions : 
(5.15.2) C*(x,s) > 8, Ck-l(a,m) > 8 
are equivalent. Now s,(x) = xm(z), 8,(x) = xm,(x)—m,(2),..., where 
m,(x) = Ϊ mit)dt, m,(x) = fm my(t 


and generally 


(5.15.3) 8, (x) = xmy_,(x)—(k—1)m,(z), 
by repeated partial integration; and this is equivalent to 
(5.15.4) Ck(x2,8) = kC*-(x, m)—(k—1)C*(a, m). 


From this it follows that the second of (5.15.2) implies the first. 
Next, (5.15.3) gives | 


8,(x) d [m,(2) m,,(x) r S,.(t) 
“a = 5 (G5 ) ἜΣ -[ 4 


0 


and so Ck(2,m) = - Ϊ C*(t, 8) dt. 
0 


Hence C*(z, 8) > s implies C*(x,m) > 8, and so, after (5.15.4), 
Ck-1(4,m) > 8. 

This proves the equivalence of the two assertions (5.15.2), and the proof 

of the main theorem then follows as in § 5.8. 


5.16. Riesz’s arithmetic means. The formulae (5.14.2) suggest a 
modification of the definitions of §§5.4-5. If & is integral then, in the 
notation of § 5.4, 


Ok A) = euk Σ “Δ 


= ν | ν ν 
ες [--- τ {ι-- , ..{{-- τ}, 
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If here we replace all of n+1, n+2,...,.n-+k by n, we obtain a new mean 


(5.16.1) Rk(A) = > [1-- 2), 


more strictly analogous to the integral mean (5.14.2); and this led 
M. Riesz to suggest 

(5.16.2) RE(A) >A 

as a new definition. We may plainly allow k to have any positive value, 
but negative & are inadmissible. 

Riesz found, however, that this definition did not lead to satisfactory 
results; the means R*(A) have, for the larger values of k, properties 
quite unlike those of the corresponding Cesaro means. He was therefore 
led to modify the definition by the introduction of a continuous para- 
meter w. The means thus obtained are the typical means of § 4.16, with 
An = N. 

We write 

ke ke 
(5.16.3) R¥(w) = = Bw, A) = si τῶ = Σ [1-- a,, 

νὰ vw 
where k> 0. If Bw) + A when w-—>oo, then we say that >a, is 
summable (R,n,k) to sum A. We then find that summability (R, n, 1) 
is equivalent to summability (Ὁ, ἀ). We confine our attention to integral 
k, the proof for general k being rather troublesome. 

THEOREM 58. If k is integral, and > a, is summable (C,k), then it 18 
summable (R, n, k) to the same sum; and conversely. 

We may suppose the sum zero. We have then to show that the 
hypotheses 
(5.16.4) 4 = o(n*), (5.16.5) T*(w) = 0(w*) 
are equivalent. We suppose that w = n+, where n is an integer and 
0<9< 1. 

(i) Assume (5.16.4). Since T*(w) = > (n—v-+0)*a,, we have 

> ΤΕ(ω)" = > (n4-0)*a" Sa, 2” = g(x, 9) D Ak x, 


where 
(2,0) = (1—a)F+1 ¥ (n+6)ka™ = (1 --α)ρεῖχτθ oe ae = Fe (θ)χ 
Δα " dz} 1-- 750 7 : 
and the coefficients c,(#) are polynomials in θ of degree k. Hence 
οο k ee) k 
> Té(w)a” = > ο,(θ)χῦ > Ax, Tk(w) = > c,(0)A_,, 
n=0 j=0 n=0 v=0 


and (5.16.5) follows, with the necessary uniformity in 6. 
4780 I 
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(ii) Assume (5.16.5), and suppose that 0< 0, < @,...< 6 <1. 
Then we can determine 40, 41:...»ὄ 9% 80 that 


n+k\ ἢ 
[ k ) = 3 an-+4,) 


identically. For, if we equate the coefficients of different powers of n, 
we obtain a system of equations >} 6g, = C;, where j = 0, 1,..., &, in 
the q,, and the determinant of the coefficients is 


03} = TT (4,—4,,) τ 0. 
i>m 
We then have 


ὶ = τς (n—v+k = k ᾿ 


and (5.16.4) follows. 
We add a few remarks to show the inadequacy of the definition (5.16.2). 
When k = Il, 


1 
Cl(A) = aa > (n+1—y)a, = Ra+i(A), 


so that the definition is equivalent to Cesaro’s; but there is no such equivalence . 
for larger k. Suppose, for example, that k = 2. Then 


> (n+1)*R5,(A)2* = > (n+ 1). 5 Σ α, ἢ = Gi > a, 2". 
If we define a,, by 
La_a® = (1--α)ι] +a)? = Σ (—1)*(n+ 1)", 
then ας is of order n?, and so > a, is not summable (C, 2); but 
Σ (n+1)?R2(A)o® = (1--αἍγξ = 14 207+ 3at+... 

and #2(A) = O(n-) = o(1). 

When k = 3, (5.16.2) does not imply the summability (C,k) of the series for 
any k, or even its summability (A). For 

> (n+1)8a* = (1—2x)-*(1+ 4¢+2%) 

has a zero at x = —2+./3 = a, inside the unit circle. If we define a, by 
> 4,2" = (l—2)/(a—z), then R3(A) = o(1), but Sa,2" is convergent only 
for |z| <a <1. 

It is instructive to consider this question in the light of §§ 4.3-4. The (C, 2) 
means are the (N,q,,) means with q(z) = > q,2” = (1—2x)-*; and 

T?(n+1) = (n+1)?R2,,(A) 
is the coefficient of 2" in 
> (n+1)a" ¥ a, "τῷ > px" > A, 2%, 
l+z2z 


where Pa = (n+1)—n? = 2n+], = o(®) = Σ;»,.." = (i—z)’ 


so that Ri, ,(A) is the (N,p,) mean for this p,. In the notation of ὃ 4.3 we have 
k(x) = (1+2)-! = 1-a2+2*—..., so that > |k,| =o. The equivalence is 
destroyed by the zero of p(x) at x = —1, and it naturally fails more completely 
when p(x) has a zero with |x| « 1. 
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5.17. Uniformly distributed sequences. We end this chapter by 
a short excursion into a different field. 

We suppose that 0 < 8, <1 for every n, and denote the interval 
O0<ax<2x<b<lbyl. Ifn,is the number of 80; 5,,..., 5, which fall 
in J, and n; ~ nI when n->0o,{ for every J, then we say that the 
sequence (s,,) is uniformly distributed in (0, 1). 

We denote the characteristic function of J, 1 in J and 0 elsewhere, 
by I[(a). If f(x) = I(x) then 

F (80) +F(81)-+--- +F(Sn) oo Bek See | te dx = 1.1 
n+l n+l 
Thus the assertion of uniform distribution is equivalent to the assertion 
that 


(5.17.1) {(6,) > [ f(a) dx (C,1) 


for every f(x) = I(x). We now prove 


TuroreM 59. If (s,) is uniformly distributed, then (5.17.1) ts true for 
every Riemann integrable f(x). 


We may plainly suppose f real. If (s,) is uniformly distributed, then 
(5.17.1) is true for f(x) = I(x). It follows by multiplication and 
addition that it is true for any finite step-function. If f is Riemann 
integrable, then there are finite step-functions f, and ἔς such that 
fi <f<f, and 


and a, Face | f, de, => eae | fy dee. 
Also 
lim — > Sl6m > lim το > fulbn) = [ fide > | fle) dee 


n+l 


lim τὸ > fen) < tim ati hl n) = | fade < | fede te 


and therefore lim τ > f(8m) = | f(x) dz, 


which proves the theorem. 


t We use the same symbol for an interval and its length. In what follows an integral 
without limits shown is over (0, 1). 
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We can find another criterion for uniform distribution as follows. If 
f(x) = e2knia a e(kx), 
where ὦ is a positive integer, then [ f(x) dx = 0. It follows that 


(5.17.2) > e(ks,) = o(n) (k = 1,2, 3,...), 


0 
if (s,) is uniformly distributed, or, what is the same thing, that 


(5.17.3) > T(s,,) = 0(n), 
0 


where 7'(x) is any trigonometrical polynomial without constant term. 
Thus (5.17.2) or (5.17.3) is a necessary condition for the uniform distri- 
bution of (s,). We now show that the condition is also sufficient. 


THEOREM 60. If (5.17.2) is true for every positive integral k, then (8,) 
8 uniformly distributed. 


First, (5.17.3) is true for every T(x). If 
k 
7(%) = ἐα,- Τα) = $a9+ Σ (a,cos 2ίπα:- δ, sin 2[π2] 
ἵΞι 


is any trigonometrical polynomial, then plainly 
] n 
PEI D, 7m) > Atot f Tx) de = f x(x) de, 
m=0 


and (5.17.1) is true for f(x) = τ(α). 

Next, if f(x) is any real continuous function, there is a 7 such that 
lf—7| <e in (0,1). If τι =7—«, τῳ =7+e, then 7, <<f <7, and 
[ 7, ax, | 7,dx differ by 2«. It then follows, as in the proof of — 
Theorem 59, that (5.17.1) is true for f. Finally, if f(x) = I(x), then 
there are continuous functions ἢ and f, such that ἢ <f</f, and 
[ ἢ de, [ f, dx differ by less than ε; and a repetition of the argument 
shows that (5.17.1) is true also for this f. Hence (s,) is uniformly 
distributed. | 

Perhaps the most interesting case is that in which 

8, = na—[na] = {na}, 
where « is irrational. If α is a rational p/q, then s, repeats the cycle of 
values 0, 1/q, 2/q,..., (g—1)/¢, in some order, indefinitely. It is there- 
fore natural to expect (s,) to be uniformly distributed when « is 
irrational. In this case 
1--- e2k(n +)rat 


Σ e(kig,) = ¥ etemeat — ST = O(1) = o(n), 


for k = 1, 2,3,.... Thus (s,) is uniformly distributed, and we have 
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THEOREM 61. If « ts irrational, then the sequence ({na}) is uniformly 
distributed in (0, 1). 


5.18. The uniform distribution of {no}. There are important 
generalizations of Theorem 61. In particular, Weyl has shown that 
{P(n)} is uniformly distributed whenever P(n) is a polynomial 

Ay NP + αἱ MP1. +O, 10 
with at least one irrational coefficient. The proof is a good deal more 


difficult, and we confine ourselves to a special case, which is sufficient 
to illustrate Weyl’s main idea. 


THEOREM 62. If « is irrational, then the sequence ({n®a}) is uniformly 
distributed in (0, 1). 


We have to prove (5.17.2), with s,, = {ma}, and, since ka is irrational 
when « is irrational, it is sufficient to prove that 


S, = > e2m'rat — O(n), 


Now [S,, |? — > >, eX@—p*)nai __ Σ Σ e2iG+ pyre, 
p=0 q=0 p=0j=-—p 


on writing p+ for g. Inverting the order of summation, we find 


ΝᾺ hs pom Σ e2s* rat py espinat . Σ .27")παΐὶ Σ ἸΟΡΡΣ ΤΟΣ ἘΒΕΣ T,+T. 


j=—n p=—j 


n \;n-j pee = 1 --- οὐι-- εὐπαΐ n 
Here IT <2 | el = 2 gare | 2 
and w, satisfies both the inequalities 
0<w m—j+1 < n+], Ww; < |cosec 27πα!. 


Now |sin 2j7a| > a where A, is the distance of 22α from the nearest 

integer, i.e. of {2ja} from the nearer of 0 and 1. Since the numbers {2ja} 

are uniformly distributed, the number of them with j < n and A; < 7, 

and so lying in one of the intervals (0, 7) or (1—7, 1), is less than 3yn, 

for sufficiently large n; and then w; < (2n)-1 for more than n+1—3yn 

of the 2, while w; < n+ 1 for the remainder. Thus | 
| iim T, < lim μι [τὲς 3yn(n-+ = 


no Nn? 2nn? + n 


3 


and 7; = o(n?). Similarly 7, = o(n?); and so S, = o(n), which proves 
the theorem. 
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NOTES ON CHAPTER V 


§§ 5.2-3. See § 1.3. The papers of Frobenius and Hélder were published in JM, 
89 (1880), 262-4, and MA, 20 (1882), 535-49; and that of Cesaro in BSM (2), 
14 (1890), 114-20. Cesaro is concerned primarily with the multiplication of series: 
see Ch. X. ) 

§ 5.5. The definitions for general k were given independently by Knopp, 
Sitzungsberichte ἃ. Berliner Math. Ges., 7 (1907), 1-12 [printed in Archiv d. Math. 
(3), 12 (1907)], and by Chapman, PEMS (2), 9 (1911), 369-409. 

There are general accounts of the theory in the books of Borel, Dienes, Hobson 
(2, ch. 1), and Knopp, and in the monographs of Andersen, Bohr, and Kogbetliantz. 
There is also a very clear account of the fundamental theorems in a lecture by 
Andersen (Cesdro’s Summabilitetsmetode, Copenhagen, 1919). The monograph of 
Kogbetliantz is the most complete, but is a summary of results without proofs. 

It is sometimes difficult to assign particular theorems to their discoverers, since 
most of them have been found by a process of gradual generalization; and we do 
not attempt to do so systematically, though we give the most obvious references. 

ὃ 5.6. The substance of the theorems of this section is Cesaéro’s. More general 
theorems of the same character will be found in Knopp, RP, 32 (1911), 95-110. 

§ 5.7. Theorems 43 and 46, in their general form, are due to Chapman and 
Knopp. Theorem 45 was proved by Hardy and Littlewood, PLMS (2), 11 
(1912), 411-78 (462, Theorem 37). 

ὃ 5.8. Knopp, Grenzwerte von Reihen bei der Anndherung an die Konvergenzgrenze 
(Dissertation, Berlin, 1907), proved the implication (H,k) —» (C,k), and Schnee, 
MA, 67 (1909), 110-25, the converse implication. The proof here is due to Ander- 
sen, MZ, 28 (1928), 356-9, and is a simplification of one given earlier by Knopp, 
ibid. 19 (1924), 97-113. See also Knopp, 481. 

Theorem 49 is a special case of the theorem that the three hypotheses 


(a) CE{CPY(A)}—> A, (δ) CHCA} > A, — (c) CRt*P(A)> A 


are equivalent. This has been proved in various ways by Andersen, Faber, 
Hausdorff, and Kogbetliantz: references will be found in Andersen’s paper. It 
should be noted that the equivalence of (c) with (a) and (δ) lies deeper than that 
of (a) with (δ), the transformations C()C®) and C'®)C(@) being identical with one 
another, but not with C(«+?), 

The identity of C!)C® and CC is a corollary of Hausdorff’s work (Ch. XI), 
and may also be proved independently. It is easily verified that 


Cr{COVA)} = Σ enpAp, 
where ¢,,, is 0 for p > n and 


Tint U0 (a+1) ΓΈ ΠΓ(β--1) T(n—p+a) » pt+l, —n+p, β 
[(nt+a+1) W(p+p+)) TPin—p+1)l(a)* ΔΡΈΒΙ, —n+p—a+1 
for p < n, the argument of the hypergeometric series being 1; and it follows 

from Bailey, 21, formula (1), that this is symmetrical in « and β. 

§ 5.9. Mercer, PLMS (2), 5 (1906), 206-24; Schur, MA, 74 (1913), 447-58. 
Schur’s proof is also given in Landau, Ergebnisse, 43-51. 

§ 5.10. Knopp, MA, 74 (1913), 459-61; Hardy, QJM, 43 (1912), 143—50. 
Hardy proves a number of extensions of Theorems 52 and 53. The simple proof 
of Theorem 53 given here is due to Hobson. 
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Pitt [PCPS, 34 (1938), 510-20] and Rogosinski [ibid. 38 (1942), 166-92 and 
344-63] have proved much more general theorems by deeper methods. These 
depend on the use of Fourier and Mellin transforms in the manner of Wiener 
(Ch. XII). . 

ὃ 5.11. Theorem 54 is due to Schur, 1.6. under § 5.9. 

It follows from the analysis here and Theorem 11 that the (H, k) kernel of (s,) 
is included in the (Ὁ, k) kernel. Knopp, 1.6. under ὃ 3.7, gives a simple example of 
a real (s,) whose (H, 2) and (C, 2) kernels are the intervals (4, #) and (0,1). 

Bosanquet, JDM, 21 (1946), 11-15, has shown that s, — oo (H, 2) does not 
imply 8s, — 0 (C,k) for any k, or 8, —-» οὐ (A), even when Σ᾽ a,x" is convergent 
for |x| < 1. 

Basu, PLMS (2), 50 (1948), 447-62, has proved that Theorem 54 remains true 
for general k > 1 and for —1 < k < 0, but that the relations are inverted when 
0<k< 1. 

§ 5.12. Theorem 57 is due to Appell, Archiv d. Math. 64 (1879), 387-92. The 
example used to prove Theorem 56 is Landau’s (1.6. under ὃ 5.9, 51). 

§ 5.13. For the ‘harmonic’ means see M. Riesz, 1.6. under § 4.3. 

δὲ 5.14-15. It is difficult to give useful references for theorems concerning 
summable integrals, since they have been often dismissed as ‘obvious analogues’ 
of theorems about series. The equivalence theorem was proved first by Landau, 
Leipziger Berichte, 65 (1913), 131-8. Landau’s proof is modelled on Schur’s of § 5.9. 

M. E. Grimshaw, J LMS, 9 (1934), 94-102, proves the analogue of Theorem 48. 
Some further references are given in the notes on Chs. VI and X. 

In the text we suppose for simplicity that a(x) is bounded in every finite (0, X). 
The analysis for H6lder means is valid for all integrable a(x). The same is true 
for Cesaro means with k > 0, but the integrals which occur may sometimes diverge 
when k < 0. Thus [ (x—t)*a(t) dt diverges for x = nz when a(x) = (sinx)-* and 
—l<k<—¥4. This is unimportant here, since the means of negative order are 
only interesting in themselves when a(x) tends to a limit. 

There is a full discussion of the formula (5.14.3), for a(x) integrable in the more 
general Denjoy-Perron sense, in Bosanquet, PLMS (2), 31 (1930), 144-64. 

The A(z) of the text, being the integral of a(x), is absolutely continuous. But 
we may plainly define A(z) — A(C,k) by (5.14.2) whenever A(z) is integrable, 
provided that k > 0 and we use the first form of the integral. On the other 
hand, the integrability of A(z) down to 0 does not necessarily imply that of H(z): 


-1 —2 
thus H4(z) = =1(log 1) when A(x) = z*(log =] . We must therefore impose 


some additional restriction on A(z) for small z. Since we are interested primarily 
in large x, this is no serious drawback. 

§ 5.16. The equivalence of the (R,n,k) and (C,k) means was first proved by 
M. Riesz, CR, 152 (1911), 1651~—4: the lines of the proof are indicated rather shortly. 
There is a complete proof in Hobson (2), 90-8. A more concise version, by Ingham, 
has not been published; this reduces, when k is an integer, to the proof in the text. 

§ 5.17. Theorem 59 was proved independently, at about the same time, by 
Bohl, Sierpinski, and Weyl: references will be found in Koksma. We follow Weyl, 
MA, 77 (1916), 313-52. 

There is an ‘elementary’ proof of Theorem 61, depending on simple properties 
of continued fractions, in Hardy and Wright, 378—80. 
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Weyl proves much more, in particular the uniform distribution of the points 


{P,(n)}, {Pi(n)}, .... {F(n)} 
in r-dimensional space; here P,(n),... are polynomials linearly independent in the 
sense that no combination A, P,+A,P,+...+A,F,, with integral A, is congruent to 
@ constant (mod 1). . 
A number of special cases of Weyl’s theorems had been stated earlier by Hardy 
and Littlewood. Thus they state [Proc. fifth international congress of mathema- 
ticians, Cambridge, 1912, 1, 223-9 (226); AM, 37 (1914), 155-91 (164)] that 


(a) Σ e(mPa) = o(n) 
0 


for p = I, 2,... and irrational a, and that the points {n?a} are uniformly distributed. 
In a second paper in AM (ibid. 193-239) they prove (a) for p = 2 by a special 
method, and more precise results for particular types of irrationals. A third paper 
which was to contain the proofs of their more general assertions was never com- 
pleted because of the appearance of Weyl’s more compact and powerful analysis. 

In their first paper in 4AM Hardy and Littlewood prove, by more elementary 
reasoning, that the points {n?a} are dense in (0,1): this is, of course, a weaker 
assertion than uniform distribution. Their argument was simplified and extended 
by Kakeya, Science reports Téhoku Univ. 4 (1915), 105-9. 


VI 
ARITHMETIC MEANS (2) 

6.1. Tauberian theorems for Cesaro summability. We re- 
marked in §3.8 that there must be a ‘limitation theorem’ for every 
method of summation, since no useful method will sum too rapidly 
divergent series. Thus the limitation theorem for the Cesiro methods 
is Theorem 46, with k’ = —1. 

There is another limit, of a less obvious kind, to the effectiveness 
of these methods, and of all that have proved useful. Every method 
will fail to sum series which diverge too rapidly; and it will also fail 
to sum divergent series whose divergence 18 too slow. The theorems which 
embody this principle belong to the class which (for reasons which will 
appear later) are called ‘Tauberian’. They assert that if a series is 
summable (P), and satisfies some further condition Kp (which will vary 
with the method P, but will in any case imply a certain slowness of 
possible divergence), then it is convergent. For the Cesaro methods the 
most characteristic form of Kp is a, = oy: though this form may 
be generalized in various ways. 

We shall prove the following two theorems. 


THEOREM 63. If } a, = A (C,k) for some k, and 
(6.1.1) a, = O(n-}), 
then >a, 18 convergent, and indeed summable (C,—1+8) for every 
positive ὃ. 
THEOREM 64. If a, is real, > a, = A (C,k) for some k, and 
(6.1.2) na, > —H, 
then > a, ts convergent. 


We can simplify the argument by a few preliminary remarks. First, 
after Theorem 43, we may suppose ὦ integral, replacing k by k’ = [k]+1 
otherwise. Next, we need only prove the series convergent, since if it 
is convergent, and satisfies (6.1.1), it is summable (C,—1++8), by | 
Theorem 45. Finally, we may suppose a,, real, otherwise considering 
real and imaginary parts separately. Thus it is sufficient to prove 
Theorem 64, with k integral. 

We base the proof on two preliminary theorems of some intrinsic 
interest. We write b, = na,, and B,, B},... for the sums formed from 
δ. a8 A,, A},... are from a,. 
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TuroreEM 65. If >a, 1s summable (C,r+1), where r > —1, then a 
necessary and sufficient condition that it should be summable (Ὁ, τ) ts that 
By, = o(n*+), 

THEOREM 66. A necessary and sufficient condition that > a,, should be 
summable (C,r-+-1), where r+1 > —1, is that 
ois) SPH Roy oom ον 

n (r+2)(r+3)...(n+r+1) 
should be convergent; or, what is the same thing, that > n-*-2.Br, should be 
convergent. 


It is easily verified that 
mtrty("P otal πὴ = αὐ) 7, 


a εκ Τῇ = (.--)[ 1: 


tl 
and hence (comparing the coefficients of a,,_,, in (5.4.5)) that 
(6.1.4) (ntr+1)An—(r+1)4rt1 = Br, 
(6.1.5) nAttl_(n+r+1)Attl = Br, 


From (6.1.4) and (6.1.5) we deduce | 
(6.1.6) ΟΝ Ἴθι. μον Br 
r 


. r+l r+l γ- 1’ 
nt+r+l1 wT geti_ oe 301 — [ntr+l1\7 Bi. 
r+1 5 γ-Ε1 Ξ᾿΄ἄ|ΑὀΝΕ ΖΘ nm? 


and addition of the last equation for n = 1, 2,..., N gives 
N+r+1\-1 δ᾿ intr+l ge 

6.1.7 Att = 

ern OT) 4s ot TT | π᾿ 


Theorem 65 is a corollary of (6.1.6), and Theorem 66 of (6.1.7). The 
two forms of Theorem 66 are equivalent by Stirling’s theorem. If r is 
an integer, then the series (6.1.3) may be written in the alternative form 


Σ (r+1) 
n(n+1)...(n+r+1) 

We can now prove Theorem 64: we may suppose ὦ an integer r-+-1, 
and H = 1. If BT, ~ o(n’*+1), then there is a positive C such that one 
or other of the inequalities 
(6.1.8) Br > Cnt}, (6.1.9) Br « —Cnt+} 
is true for an infinity of n. Let us suppose, for example, that (6.1.8) 
is true for an infinity of values JN of n. 
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If y > land N <n < 7, then 
N n 
ee - n—v+r\ en n—v+r 
(6.1.10) BZ By = > { : [ : Ἰ}»Ὁ Σ [ Yb, 


yv=N+1 
Hence, since the coefficients are positive, and 6, > —1, 


N ΝΙΝ N— nm oe 
my >— Σ (5.6 $Y 
v=1 v=N+1 


Here the right-hand side is what stands in (6.1.10) when 6) = 0, 
b, = —]1 for v > 0, in which case 


» 


n — (]—o\-r- ee | ee _ _(*+"\. 
> Bia = (l—a#--1 } 6b, 2% = —2(1—2)7, Br ee 


n-+r N+r 
and hence | Bi— By > — (a) +a): 
n-+r nti N-+r Nrti 
aso )~ ea (en) στὴν 
and therefore 
] 
B,— By > “ay ee 


for any positive ε, any 7 > 1, N <n < 7N, and sufficiently large V. 

We can choose « and 7 so that BL—By > —}CN'+, and it then 
follows from (6.1.8), with n = N, that ΒΡ 4CN"+! for N <n < nN, 
and so 


ὮΝ ὮΝ 

S Bi, : ] “πο, --)} Ὅ(η--ἢ 
ἜΣΣΩ τον ee eae (nN)? Qh 

N N 


for sufficiently large N. But if this is true for an infinity of NV, then the 
series (6.1.3) is divergent, and > a, is not summable (Ὁ, γ- 1). 

It follows that (6.1.8) cannot be true for an infinity of n, and a similar 
argument} shows that (6.1.9) cannot. Hence Bf = o(n’**); and there- 
fore, by Theorem 65, > a,, is summable (C,r). Repeating the argument 
r-+1 times, we see that > a,, is convergent. 

It will be observed that Theorem 63 goes farther than Theorem 64, in that 
it asserts summability of the series for negative k. No such extension of Theorem 
64 is possible, since the conditions are satisfied by any series of positive terms, 
and, after Theorem 46, > a, cannot be summable (C, —1) unless a, = ο(η ἢ). 

There are generalizations of these theorems for Riesz’s typical means 
of § 4.16. We shall not consider these here, except for one theorem which 


+ Using a range ({N, Νὴ, where ζ < 1, of values of n. 
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we shall have to use later. This is a generalization of the case k = 1 
of Theorem 63. 


THEOREM 67. IfO0< Ay < Ay «..., An >, 
(6.1.11) = 0(= =n ne (n > 0), 
and 


(6.1.12) 3 favo du = iT [Σ a,] du —> 8,7 
- δ 


nQu 
then > a,, converges - 8. 
We may suppose that s = 0 and |a,| < (A,—A,_,)/A, for π > 0. If 
é>axand dA, < α < Ani Amer SE < Amari then 
(6.1.13) |A(t)—A(%)| = [nar tOmiet-s+Omis! 
Nm+1—A Amer —Amtr~1 —- Amer —Am — EA 
at ee τον 
δ eo ae ae 
If A(x) does not tend to 0, then there is a C > 0 such that one or other 
of A(x) > C, A(x) < —C is true for a sequence of values X of x 
tending to infinity. If, for example, A(X) > C and Ay < ἃ < Aya, 
so that A(X) = A(A,,), then, by (6.1.13), 
A(t) > C—(t—Ay)/Ay > 4€ 
for Ay <t < (1+4C)A,,, and hence 


(1+30)Ay 
A(t) dt > 40Ay, 


m 


Au 
in contradiction to (6.1.12). Similarly A(X) < —C leads to a contra- 
diction, and so A(x) > 0. 
We cannot replace (6.1.11) by a, > —H(A,—A,-1)/A, without some 
further restriction either on A, or on a,.{ 


6.2. Slowly oscillating and slowly decreasing functions. A 
function f(x), defined for x > 0, is said to be slowly oscillating if 


(6.2.1) fly)—flx) > 0 
whenever 

(6.2.2) x >, y > &, y/x > 1; 
and to be slowly decreasing if it is real and 

(6.2.3) lim {f(y)—f(x)} > 0 


+ A(u) here is equivalent to the A)(u) of ὃ 4.16. 
+t See the note on this section at the end of the chapter, and that on ὃ 7.7. 
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in the same circumstances. If f(x) is differentiable, and f’(z) = O(x-), 
then 


fiy)—f(x) = Ϊ {ὃ dt = of “) +0 


under the conditions (6.2.2), so that f(z) is slowly oscillating. Thus 
φαΐ — etlogz ig slowly oscillating. Similarly, if f(x) is real and 
f'(%) > —Hzx-!, then f(z) is slowly decreasing: thus z+ cos x+ cos(a log x) 
is slowly decreasing. 

We shall say that a sequence s, is slowly oscillating, or slowly 
decreasing, if s(x) = 8.5) is slowly oscillating or slowly decreasing. If 
8, = Aj+a,+...+a,, then s(x) is the sum-function of Σ᾽ a,. It is easily 
verified that s,, is slowly oscillating when a,, = O(n-), slowly decreasing 
when a, > —Hn-}. 

If f(z) is slowly oscillating, then | f(y)—f(x)| < ε when y > x > X(e) 
and (y—x)/x < κ(ε). If it is slowly decreasing, then f(y)—/f(z) > —e 
under similar conditions. 

There is one simple corollary which we shall require in Ch. VII. If 
f(z) is slowly decreasing, and g > 0, p > q are fixed, then there are an 
H and an X such that 


(6.2.4) f(px)—f (qx) > —H 
for x > X. For there are a U and a « such that 
}(ἢ-- (ὦ) 5 -Ι (que>U,1l<tilu<r). 
If r is the integer for which «7-1 < p/q < x’, and 
Lo = OX, X= κὰ,..., 21 το κ ἴσα, x, = px, 


then we may take ¢t = z,,,, u = x, for 8 = 0, 1,..., r—1, and 


1} )-- [5] = 'Σ (fee e+1)—f(%~)}  --τ, 


so that (6.2.4) is satisfied with X = U/q, H = r. If also f(x) is bounded 
in every finite interval (0, X), then (6.2.4) is satisfied, with an appro- 
priate H, for x > 0. 

There are important generalizations of Theorems 63 and 64 in which 
the condition on a, is replaced by the more general condition that s, 
is slowly oscillating or slowly decreasing. These will be included in the 
more difficult theorems proved in Ch. VII, but we illustrate the ideas 
here by proving the simplest theorem of this kind. 


THEOREM 68. If > a, 1s summable (Ὁ, 1), and s, ts slowly decreasing, 
then > a,, is convergent. 
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We are given that s, -Ὁ 8 (Ὁ, 1) and that 
| lim (Sp,—8,) > 0 


when n > 00, p > 1, and p> 1; and it is sufficient, after Theorem 65, 
to prove that 


(6.2.5) Un == A,+2a,+...+na, = o(n). 
Let us suppose, for example, that 
(6.2.6) U, > Cn 


for a positive C and an infinity of n, in contradiction to (6.2.5). Given 
any positive 7, we can choose N and p > 1 so that s,—s, > --ἢ for 
n >N andn <v < pn; and we may suppose that py < $C. Then 


Un = (Nn +1)8,—S 9—Sy—.-.- — 8,» 
Uy—U, = (N+1)(8,—8,)-+(S— Sng) ++ +(8,—-8,-1) 2 -τνὴ 25 —pyn, 
and μ, = U,+uU,—Uu, > Crn—pyn > ξ ἢ 


for any n > Ν satisfying (6.2.6) and <v < pn. Thus 


[pn] ἢ é [pn] 1 ] l l 
id ieee te che en eee I 1 ere 
2ety >? ἘΣ πὴ ἐσα(ς atti) > 10 Ak 


v=n 


Hence the series Σ . π΄ is not convergent, and so, by Theorem 66, 
n(n+1) 


with r = 0, > a, is not summable (C, 1). 

Similarly, we can show that the hypothesis u, < — Cn, for an infinity 
of n, leads to a contradiction. Thus wu, = o(n), and the theorem 
follows. 

The corresponding theorem for functions of a continuous variable is 

if f(t) >1(C, 1) and f(t) ts slowly decreasing, then f(t) - 1: 
the proof is left to the reader. 


6.3. Another Tauberian condition. There are conditions of other types 
which enable us to infer convergence from summability. As an example, we prove 


THEOREM 69. If > a, is summable (C, l) for somel,p > l,and > nP—a,|? < οὐ, 
then > dy is convergent, and indeed summable (C,k) for k > —(p—1)/p. 


The result is trivial when p = 1, and we may suppose p > 1. It is sufficient, 
after Theorem 65, to prove that 


(6.3.1) ΒΕ = S (va, = 0(n*+1) (x > ται). 


ν-0 


+ This is what, in the notation laid down in Ch. VII, we should call Theorem 68a. 
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Now BE = οἱ > (n—v+ 1)*v|q, | = (ΣῈ > ) = §,+8,, 


yu 


say. Here 


i 
|S] < Ss: yP-1) [Pq | viP(n—v-+t1)* 
v= N+] 
1) |p 


n 1» n (p— 
< ( > ν»-αα͵ ἡ [ Σ vu) (n—p+ 1yinico-1)| , 
v=N+1 ve N+1 


by Hélder’s inequality. The second factor is O(n*), where 
kp 1 ) p—l1 
= (—— +—_+ 1 ]}-— = k+ 1, 
and the first is less than ε for N > N,(e). Hence |S,| < Cen*+1, where C is 
independent of n, for N > N,(e); and 1 is plainly o(n*+1) when N is fixed. This 
proves (6.3.1), and therefore the theorem. 


6.4. Convexity theorems. If > 2, is summable (C,k) then, by 
Theorem 43, it is summable (C, Κ΄) for any k’ > k; and if it is bounded 
(C, k) then it is bounded (C, k’). But boundedness (C, &) does not imply 
summability (C, ζ΄), for any ζ΄. There is, however, a slightly more subtle 
theorem. 

ἜΒΈΟΒΕΜ 70. If > a,, is bounded (C,k,), and summable (C, k,), where 
k, > k, > —1, then it is summable (C,k) for ky <k < keg. 

We prove this here only for integral k,, ἔς, k, when k, = k,+1, 
k = k,+m, | and m being integers and 0 «τὶ <I. It is sufficient to 
prove the theorem when / = 2,m = 1. For suppose the theorem proved 
in this case, and also for general 1, m with | = 2, 3,..., L—1; and con- 
sider the case 1] = L. Then > a,, being bounded (C,k,), is bounded 
(C,k,+L—2), and therefore (by hypothesis) summable (C, k,+D—1); 
and hence (again by hypothesis) it is summable (C,k,+m) for 
0<m<L. 

We may also suppose that the sum (C,k,) is 0; and we have there- 
fore to prove that Ak = O(n*) and Ak+® = o(n*+?) imply Ak+! = o(n*+1); 
or, writing B, for Af, that B, = O(n*) and 85 = o(n*+*) imply 
BL = o(n¥+4), 

Suppose that 0 <9 <1 and Ν = [9]. Then 


Bi— BY = By tBhast..+ Bk = (n—N)BL—_¥ (Βι. Βὴ 
v=N+1 
= (n—N)BL—{By yg +2Byigt...+(n—N—1)B,}, 
Bi ais Bu—By ΒΝ t 2Byyst..+(n—N—I)B, ὡς P+Q, 


n—N n—N 


ae οἰηξες nk > / = O{(1—6)n* +3}, 
»Ξ(1--ὃ)5 
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uniformly in #, and 
P = o(n-!.nk+?) = o(n**+) 
when ϑ is fixed. Hence (taking # near 1) we deduce that B, = ο( +1), 

Theorem 45 is the form assumed by Theorem 70 when k, = —1, 
k, = 0. In this special case we have proved the theorem for non- 
integral k. | 

6.5. Convergence factors. A familiar theorem of Abel and 
Dirichlet, included in Theorem 8 of §3.5, states that if (i) > a, is 
convergent or bounded, (ii) f, decreases steadily to 0 when ἢ -Ὁ ©, or, 
more generally, f, > 0 and > |Af,,| - οὐ, then > a,f, is convergent. 
There are many important generalizations of this theorem for summable 
series. 

These generalizations are of two types. In the first, we impose on ‘ie 
only the natural extensions of condition (ii), and infer the summability 
(C,k) of Sa, f, from that of > a,. In the second, we impose stronger 
conditions on f,,, and infer that > a,/f, is summable (C,k—s) for some 
positive 8: thus a typical case would be that in which f, = (n+ 1)" 
Both types of theorem present considerable difficulties when the para- 
meters are unrestricted, and we shall confine ourselves here to integral 
k and s, for which the proofs of the main theorems are comparatively 
simple. 

The principal theorem of the first type is 

THEOREM 71. If (i) } a, is summable, or bounded, (C,k), where k is 
an integer; (ii) f, > 0; and (iil) 


(6.5.1) Σ (n+ HAMS, | <003 
then > a,f,, 1s summable (C, k), and 
(6.5.2) Y aufa = > ARAM, 


the last series being absolutely convergent. 
We require two lemmas. 
THEOREM 72. If f,, satisfies the conditions of Theorem 71, then 


(6.5.3) (n+1JA¥,>0 (l= 0,1,...,4), 
(6.5.4) Σ Δίας, <oo (1 = 0,1.,..., 4). 
We can write (6.5.3) and (6.5.4) in the equivalent forms 
(6.5.5) [1 δ, 50 ([--0,1,..,1) 
(6.5.6) > mt δια | πο (l= 0,1y.k). 
l nr . 2 2 3 


The conditions given are (6.5.5) for ἰ = 0 and (6.5.6) for ἰ = k. 
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Since f, > 0, A*f, > 0, and so 
ay, -- Savvy, 


(n+ 1} Aa] < (WDE S AHP, < ¥ ἡ ἜΙΡΊΔΡΗΙ, > 0, 


by (6.5.1). This is (6.5.3), or (6.5.5), for 1 = k. 
Next, 


lee ΔΕ} < pan ) Sia, 


n=0 v=n 


~ Sion SCH) ~ Stttprne 
v=0 n=0 y=0 


It follows that (6.5.6) is true for 1 = k—1; and therefore, by the argu- 
ment of the preceding paragraph, that (6.5.5) is also true for / = k—1. 
Repeating the argument, we conclude that both assertions are true 
generally. 


THEOREM 73. If b, =a, f,, then 


sini ἘΣ ΑΙΣ [Πρ ee 


with the convention that any f,, occurring in A*+1-‘f,, 1s to be replaced 
by 0 when m > n. 

If U; = Uptu,+...+u,;, Uj, UF,... are defined as usual, and νυ, with 
4 > nare treated as 0, then 


Σ jo, = Σ ὕγδυ, = δ Up A, = ... = > UPAR, 
0 0 0 0 
and hence 
τς (n—j+k = n—j+k 
BE = > [ : Jah = Σ Apars[| Ἢ )"} 
; 0 j=0 
k+1 
But AF+(c;f; j= > Cy ‘a, ΔΕ: 
; 4+=0 
Since here 
Δίο; = a") = ere (0<i<hb), 


and A¥+lc¢, = 0, we obtain (6.5.7). | 
Passing to the proof of Theorem 71, we divide (6.5.7) by ey and 


make ἢ -> 00. First, we may discard the convention. For it affects only 
4780 K 
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the terms in which 2 > n—k; the number of such terms is bounded; 
and each involves an A* which is O(n*), an f,, which is o(1), and a 
bounded numerical coefficient; so that their aggregate is o(n*). We have 
therefore to find the limit of 


π-ὐλτα SS (+1 (n—j+h—1) ay . 
ΡΣ 


where δ... contains the terms involving a given 7. 
ifz > 0 then 


5,2 = οἱ inte S Gin" Eg plat Snel) = OS 1,4) 
where " 


[eng] S 10.- ΕἸ) G+ Ven PAP | 


1\t.. : . , ; 
᾿ u(r) (G1) AE fia] < 5.9 ,- 1)» Ae 4 | 


and #H is independent of n. Also ΣΙ 7:1} |Δδρτετ- ἐξ, | « οὐ, by 


Theorem 72. Hence δ᾽ u,, is majorized by a convergent series with 
terms independent of τ; and u,,-—> 0, for any fixed 7, when ἢ - oo. 
It follows that S, , = o(1) for ὁ = 1, 2,...,k. 

It remains to find the limit of 


(ΠΣ ας μου 
j=0 | 


This is majorized by > |AF| |A*+4f; 1; 
7 eye) 
for every 2, when ἢ > 00. Hence 

S,0 ἘΣ Σ A} Ἂν 


and this completes the proof of Theorem 71. 

We may modify Theorem 71 by supposing (i’) that > a,, is summable 
(C, &) and (ii’) that f,, is bounded. The last condition, with (iii), ensures 
that f,, tends to a limit f, not necessarily 0. The conclusion then follows 
from Theorem 71 on replacing f,, by g,,+/. 

Theorem 71, and the’ modified theorem, may also be deduced from 
Theorems 1 and 3, and it may be shown that the conditions are also 
necessary, in the sense that, if they are not satisfied, there are series 
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> %, which are bounded (C,), or summable (C,&), while > a,/f,, is not 
summahble (Ὁ, k). 


Iff, = (n-+c)-*, where ὁ > 0, 8s > 0, then A¥+1f,, = O(n-*-¥-1); and if 
6.5.8 ΞΡ ΕΣ: Chas ae 

( ) Ina = ere ἐν ea Oe ’ 
then δέ, = O(n-*-2), In either of these cases condition (iii) of 
Theorem 71 is satisfied. We thus obtain 

THroREM 74. If Sa, is summable (C,k), then > (n+c)-*a,, is 
summable (C, k). 

THEOREM 75. If > α, is summable (C, k), and f,, is of the form (6.5.8), 
then > anf, 18 summable (Ὁ, k). 

In particular 
(6.5.9) ee ΣΕ a ec 

f (n+B1)("+Be)...(%+B;) 

where the « and β are positive, is of the form (6.5.8), and so is Κ 1; thus 
the summability of either of 


> a. ΤΕ > - τ τς ας 
(n--04)...(0-+.04)’ (n+B,)...(2-+B;)’ 

for any k, involves that of the other. We shall use this case of Theorem 
75 in the next section. 


6.6. The factor (n+1)-*. The principal theorem of the second 
type is 
THEOREM 76. If > a, 1s summable (C,k), and 


0O<s< k+l, 
then the serves 


(6.6.1) > ek > aac 


are summable (C, k—s). 


We suppose k and 8 integers, all proofs for non-integra] values. being 
a good deal more troublesome. Some preliminary remarks are required. 

(1) If either of the series a,+a,+a,+... and 0-+-a)+a,+... (1.6. 
0+6,+6,+..., where a, == b,,,) is summable (C, k), then so is the other, 
by Theorem 47. It is therefore indifferent whether we state Theorem 76 
in terms of a)+a,+... and the series (6.6.1), or in terms of a,+a,+-... 
and the series | 


(6.6.2) > Γ- ἘΝ ae ᾿ τε 
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summed over 1 to o. It is plain that, if we do this, we may suppose 
any of the « or 8 of Theorem 75 to be 0. 

(2) Next, ma) ΝΕ 1 (n+1)(n+2). .n+s—]) 

8 81 ns-t 

is of the form (6.5.9), with n—1 for n and 1 = s—1. Thus the summa- 
bility (C,7r) of either of (6.6.2), for integral r, implies that of the other. 

We consider the second series (6.6.2), with s=1. If Da, is 
summable (C,k), then >} n-1a, is summable (C,k), by Theorem 71. 
In order that it should be summable (C,k—1), it is necessary and 
sufficient, by Theorem 65, that Q*-1 = o(n*), where Q*-1 is formed from 
Gn = M(n—a,) το ας; 1.6. that AZ-1 = o(n*). But this is true because 
Ak-1 — Ak Ak , and ἡ, ΒΑΚ tends to a limit. 

Thus the series > na, 
is summable (C,k—1). It follows, by Theorem 75, that > (n-++a)-‘a,, 
where « > 0, is summable (C,k—1). Hence, repeating the argument 
s times, the series (6.6.2) or (6.6.1) are summable (Ὁ, k—s). 

It follows from Theorems 71 and 76 that, if > a,, is summable (Ὁ, k), 


(6.6.3) 


Ottis ες λα + (1.:11}} Af 
> ni > Anak eT ed D (n+-1)(n-+2)...(n-b4-2)’ 


the first series being summable (C,k—1) and the last absolutely con- 
vergent; there is a similar formula for the sum of the first series (6.6.1). 


6.7. Another condition for summability. We saw in §6.6 
(Theorem 76) that the summability (C,k) of > a, implies the summa- 
bility (C,k—1) of ¥ (n-+1)—1a,. The converse is false: for the last series 
is (absolutely) convergent whenever a, — O(n-'), and then, after 
Theorem 63, > a, cannot be summable (C,k), for any &, unless it is 
convergent. There is, however, a more subtle connexion between the 
two series. 

THEOREM 77. If k is integral then, in order that > a, should be sum- 
mable (C,k), it is necessary and sufficient that there should be a solution 
b,, of the equations | | 
(6.7.1) An = (nN +1)(b,—Ons1) (mn = 9,1, 2,...) 
such that > ὃ,, is swummable (C,k—1). In these circumstances 


a an τὶ oe 
(6.7.2) bn =o Ἔ ΠΣ Ει. (C,k—1), 


and the sums of the two serves are the same. 
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It is plain, first, that we can solve (6.7.1) by recurrence; that if 5, 
is any solution then the general solution is b,, == b,—h, where h is an 
arbitrary constant; and that the conditions of the theorem can be 
satisfied by one solution at most. 

(i) We begin 2 proving that, if 5, is any solution, then 


(6.7.3) = (k+1)BE—(n+1)BEUA (k > 0). 
Here B71 means = First, if k = 0, then 
48 = Α, = By —by+2(,— bp) Fon H(2+W)(6y -ὁ,..) = By—(0 ΕἸ) yar, 
which is (6.7.3). Next, assuming (6.7.3) for a given k, we have 

Al — (k-4-1)(Bk-+ BE-+...+ Bk) — Be 2. Bk-1—...—(n +1) BEG} 

= (k+1)Bk+1— (n+1) BE, + (n-+1) BE n BE-AL 4+ Βκ-ὶ 
= (b-+2) Be (n+ 1) BE ys, 

which is (6.7.3) with k-+-1 for k. 

(ii) Next, we prove that if B= > 6b, ts summable (C,k—1), then 
A = } a, is summable (C,k), and A = B. First, if k = 0, then B,>B 
and (n-+-1)b,,, > 0, so that A, > B. Secondly, if k > 0, then 


BE eo | B+o(nk- 1) 


and so, by summation, 


Bk = [1 ) Bom 


Hence, by (6.7.3), 
4g = [εὐ] - (n ΕΠ [6 |) B+otn’) = ("7p ) B+ otn" 


and A is summable (C,k) to sum B. 
(ii) Thirdly, we prove that if Σ a, is swmmable (C,k), then 


(6.7.4) Bei ees eee ') A-bo(nt 1) (bk > 0), 


(6.7.5) b, =h-+o(n-) (k= 0), 
h being a constant. We may suppose without loss of generality that 
A = οὖ 
We have 
(6.7.6) 


(n-+k-+2)Bk—(n+1) Bk = (b-+1)Bk—(n +1) ΒΕ71 = ΑΒ = ont), 
T 1f6, is a solution of (6.7.1), aj = a,—A and a, = a, for n > 0, then the δή defined 
by 6) = 6,—A, 6, = 6, for n > 0, is a solution of a, = (n+ 1)(6, 6,41). The effect of 


diminishing a, and 6, by A is to diminish A‘-1 and BE-! by an ‘4. 
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by (6.7.3) and our hypothesis. If 


| (6.7.7) (n+1)(n+2)...(n+k+1)¢, = BE, 
then (6.7.6) gives 


(n+1)(n+2)...(n+k+2)(br—dnis) = 4 = 0(n*), 
and so ¢d,—¢n41 = 0(n-*). Hence φ, tends to a limit ¢, and 


= ~ Ak Ν ] 
(6.7.8) ἀ ΕΠ ΕΣ GEE , τε = Pt oi) 
(6.7.9) Be = (n+1)(n+2)...(n+k+1)¢+0(n*). 
Finally, from (6.7.6) and (6.7.9) it follows that 


Bayh = ΤῸ Be to(nk) = (+! ("TET sto(nk); 
and this is (6.7.4), with A = 0, ὦ = (k+1)!¢, and n+1 for n. The 
proof is valid, and gives (6.7.5), for k = 0. 7 

(iv) It is now easy to complete the proof of the theorem. In the first 
place, the condition is sufficient, by (ii). Secondly, if > a, is summable 
(C, 1), 6, is any solution of (6.7.1), and b,, = b,—h, where h is the h of 
(6.7.4), then b,, is also a solution; and 


Bk-? = Be~1— al = gen 1 ‘| A+o(nt), 
by (6.7.4) or (6.7.5), so that > b,, is summable (C,k—1) to sum 4, 
the result holding for k = 0 since ἢ is plainly independent of k. Hence 
the condition is also necessary. 
Finally, since > b, is summable (C,k—1), 
b, = ¥ (b,—b τὸν (C,k—-1 
n > ( v y+) = oa ( ); 
by Theorem 48. For b,,, the ἦ and ¢ of (iii) are 0, and (6.7.7) and (6.7. 8) 
give ἡ 
__ Rk fof en ON eat, 
bo = By = (ἜΤ bo = (ΤῸ Σ (v-+-1)(v+-2)...(v-+4-+-2) 
Thus 
a Ak 
A= 1)! > —— - - -τ-ς-- 
> n+1 er) >, (n+1)(n+2)...(n+k-+-2) 


(C,k—1). 


This is (6.6.3). Our proof here is independent of Theorems 71 and 76. 
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A corollary of Theorem 77 is 


THEOREM 78. A necessary and sufficient condition that > a, should be 
summable (C,k) 1s that there should be a system of numbers a,,,, where 
s = 0, l,..., k+1, such that 

ano = ὦ,» ans1 ΞΞ (n+1)(a,,.— On+-1,8) (s > 0), 
and that : Ags = 2 α, κε 
1s summable (C,—1). In these circumstances 
Dn,s— -1 n+s—1 1 k— 
Ons = al +s oe .. (06, k—s) | 
fors = 1, 2,...,k+1; A, => An, 18 summable (C,k—s); and the sums 
of all these series are the same. 


We have only to apply Theorem 77 k+1 times in succession. 
Theorems 77 and 78 may be used to obtain instructive proofs of the 
equivalence theorem (§ 5.8) and of other standard theorems in the 
subject. : 


6.8. Integrals. There are ‘Tauberian’ theorems for integrals like those of 
§ 6.1. If 


(6.8.1) | [ az) dx = A (C,k)t 


for some k, and a(x) = Ο(χ 1) for large x, then (6.8.1) is true for all kK > —1: in 
particular, the integral is convergent. If (6.8.1) is true for some k, a(x) is real, 
and za(x) > —H, then the integral is convergent. The analogues of the pre- 
liminary Theorems 65 and 66 are: (i) if the integral is summable (C, 7+1), then 
a necessary and sufficient condition for summability (C,r)is B,(z) = o(x’t+1), where 
B,(x) is formed from b(2) = xa(x) as A,(x) is formed from a(x); and (ii) a necessary 
and sufficient condition for summability (C,r+-1) is that [ x? B(x) dx should 
be convergent. 

There is an analogue of Theorem 71: if (6.8.1) is true, f(z) -- 0, f(z), the kth 
derivative of f(z), is absolutely continuous, and f 2*| f(*+)(x)| dx < 0, then 


(6.8.2) fala) f(x) ἀα = (—1)**#* [ A, (x) f+0(x) dar (0,1), 


the last integral being absolutely convergent. In particular this is true if 
F(x) = (5. - 1) 5, where s > 0. On the other hand, there is no analogue of Theorem 
76; the introduction of a convergence factor like (x+1)—* does not necessarily 
decrease the order of summability needed. Thus if a(x) = e?*cose* then 


5 x 
A,(x) = —Hxz-+cos 1—cose*+ [ coset dt ~~ — Hx, 
0 


where H = 005] -Ἐ Β1η1, and so 


(6.8.3) [ e*cos e* dx = —cosl—sin1 (C,1). 
e*%cos οἷ 
But | { ΤΠ] dx 


is not convergent, and indeed not summable (C,k) for any k < 1. 


{ As in ὃ 5.14, integrals written without limits are over (0, 00), 
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If 
(6.8.4) | J(8) = e~Sta(x) dx 


is convergent for ὃ > 0, and tends to A when ὃ —> 0, then we write 
(6.8.5) f= [ a(x) dx = A (A) 


and say that J is summable (A) to A. It would be natural, after ὃ 5.12, to expect 
summability (C,k) to involve summability A, but this is one of the points where 
the analogy between series and integrals breaks down. The summability of J 
does not involve even the convergence of (δ). Thus the integral (6.8.3) is 
summable (C,1), but { e?-®)*cos οὗ dx is not convergent if ὃ < 1. 

However, if J is summable (C,k), and J(8) is convergent for every positive ὃ, 
then J is summable (A). For then 


A®(x) = j ε΄ δίᾳ(ἐ) dt = O(1) 
for every positive 6, and 
r ,, 445 
A(z) = er “ dt = e®*A%(x)—5 | οδὲ 45(t) dt = O(e8) 


0 


for every such ὃ. It follows that A;(x) = O(e%) for each k; and so, by k+ 1 partial 
integrations, that 


eo Το 
(6.8.6) J(8) = [6 δτα(α) da = se [ e-P* Ay (xr) de. 
0 0 
But k!a-*A;(x) — A, and therefore 
ght ἢ 
J (8d) ~A An i ο΄ δυχῖ dx = A. 
0 


We can obtain a more satisfactory theorem as follows. The integral [ 2*e-5* dx 
is convergent for every k, so that, after (6.8.2), the summability (Ὁ, k) of J involves 
that of J(5), and the truth of (6.8.6), the integral on the left being summable (Ὁ, k) 
and that on the right absolutely convergent. It then follows that J(5), interpreted 
as a (C,k) integral, tends to A. 

The integral Ϊ evizt+bvz dy, where a > 0, ὃ > 0, is summable (A), but not (C, ζ) 
for any k. 


6.9. The binomial series. In the rest of the chapter we study the 
summability of some particularly important special series. We begin 
with the series 


where a=Btiy, ~=0e%, |0l<a 
It is familiar that the series is (1) absolutely convergent when 8 < —1, 
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(2) convergent, but not absolutely,t when —1 <8 <0 and 0 <0, 
(3) divergent when β > 0, or when —1 < β < 0 and θ = 0:7 and that 
the sum of the series, when convergent, is 
(1—z)-*-1! = exp{—(a+1)log(1—z)}, 
the logarithm having its principal value, for which |3log(1—z)| < ἐπ. 
We shall determine the conditions under which it is summable (Ὁ, 4), 
for any k > —1. 
We suppose first that 
B>-l, k>-l, [θ|«π, O40, 241. 
Then 
> a, u" = (l—zu)-*-1, π Aku® = (1—u)-*§-1(1—2zu)-¢-1, 


διε “Ἱ- du 
n Qt J (L—u)eH(1—2u) eum? 
ὃ 


where u = pe’?, C is the circle p = py < 1, and the powers of 1—u and 
1—zu have their principal values. Hence, by Cauchy’s theorem, 


1 du 
᾿ ι͵ Ξ- πὸ a ς΄ δ τς -- 
ia πε | ε | a “ta, 
C, ὁ, 


where ΟἹ and C, are two contours surrounding the points u - 1 and 
wu = 1/z = ¢ and going to infinity in the directions ¢ = 0 and ¢ = —@ 
respectively. We may suppose Οἱ and Οὐ formed by circles round u = 1 
and u = ¢, and straight lines with arguments 0 and —8, these last 
described twice in opposite directions. | 

We write J, in the form J, = J — (2) where 


ἘΝ = (Tors 


J) — 11 f Ἶ Ν I | du 


Qari J \(1—ue)t (12) (Iu) 
σ 


7) = 


Δ 


We suppose that n > |1—¢|-! and take the radius of the circular 
part of C, to be n—!, so that u-"-! = O(1) on the circle. Also 


(1—uz)-*-1— (1—z)-*-! = (ΕἸ): [ (1—wz)-*-? dw 
1 


is O(ju—1|) on the whole of C,, and O(n-!) on the circle. Thus the 


t Except in the trivial case B = —1, y = 0, «+1 = 0, when the series reduces to its 
first term 1. 
t Evaluating the integral by deforming C, back into C. 
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contribution of the circle to J is O(n-1.n-1.n*+1) = O(n*-1), and that 
of the rest of Οἱ is 


ae ed τῶ = ᾿ t dt 
οἱ [ ane δ = ol [ | 
ltn-} n-} 


. k 
= o {nt ag = 0| aie = O(n*-), 


coma] = Obama) 
0 
Hence εἴ, τ Γ6- κι O(nk-1), 
Similarly we write J, = (9 - 233, where 
σῷ. πῶς de 
πὶ | (Lauran 
Oe ic ee ee ee 
is aay 2 ae aha ae ad 


Oia apm aye dw 
2 Ont J (A —a)FH (1 — FF HY (125) eat’ 
Cs 
and we can prove that J@) = O(n8-1) by an argument like that which 
we used for J{?). 
Collecting our results, we find that 


Ak = ye (1—e#9)-9-14. Q(nk-1) 4 "“" ent8(] —¢-10)-k&-14 Q(nB-1), 


The first term here is the dominating term when k > β, the third when 
k < B; if k = B then these terms are of the same order of magnitude. 
We thus obtain 


THEOREM 79. If -- B+iy, B > —1,k > —1, [0] <a, and 0 40, 
then the series > ‘ay eri? is summable (C,k) when k > B, to sum 
ἃ 


(1-- οἶθγ--α-α Jt oscillates finitely (C,k) when k = β, and infinitely when 
k<B. 

It is plain that the argument will prove uniform summability in any 
closed interval of 6 which does not include θ = 0. 


When @ = 0,z= 1, a, = [1 


ἜΝ π΄ πε a nmt+atk+l 
> Anu — (1 u) af A; [ atk+l 
OT) 48~ sere 


— k Γᾷ- 1...) 


6.9] ARITHMETIC MEANS (2) 139 
Thus we obtain 
: m+a\ . 
THEOREM 80. The series > [ ' ws never summable (C,k), for any 
6 4 


k, unless B < —1, in which case it converges absolutely to 0, or 8 = —1, 
y = 0, in which case it reduces to tts first term 1. 


6.10. The series Σ᾽ n%e"“9, From Theorems 79 and 80 we can deduce 
corresponding results for the series > n%e"“9.+ We suppose for the present 
that β > —1, leaving the case 8 = —1 to the next section. 

If y = 0 and β is integral (so that « is integral) then 

=] 
(6.10.1) n® = Dy Γι |b Έρω 
where po, P;,-.. are independent of n. If α is not an integer then 
Ps ἢ = οινπιατν- ον πατντας μος, 16, , 2h Ο(ηβ-λ-ν, 
a-—vV 
where ἢ is arbitrary, v = 0, 1,..., A, and cy, # 0; and, combining these 
equations, we can express n“ in the form 
(6.10.2) πᾶ = pg hy jt ΤΣ ee ee ")-0(n8--), 
Combining Theorem 79 with (6.10.1) or (6.10.2), we obtain 

THEOREM 81. If « = B+iy, B > —1, k > —1, [0] < wand 6 £0, 
then the series }n%e" is summable (C,k) when k > B, oscillates finitely 
(C,k) when k = B, and oscillates infinitely (C,k) when k < β. 


6.11. The case 8 = —1. The case in which 8 = —1 is in some ways 
particularly interesting. The series 
n—I1--ty ent) —~1+iyeni 
(6.11.1) pa need Σ n-+ivensd, 


where γ τέ 0, are convergent unless θ᾽ = 0 (mod 27). In that case they 
oscillate finitely, since 

were ΝΕ T(n-+ty)  __ Tay t (aa 

—I+iy}/  Tiy)T(n+1) Γ() n2}’ 


n—1 niy—1 
Σ η,, 1|} ----ς.. 
1 wy 


n—-1 n π--1 11 
= > m-1+ty— [ear αἱ = > [ (»»υ- 1 Ὁ) .-- ἐτοῖν) dt, 
1 1 
1 m 


{t The series starting from n = 1 when β < 0 
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and the general term of the last sum is O(m-?).f Since the series (6.11.1) 
are not convergent, and their general terms are O(n~1), it follows from 
Theorem 63 that they are not summable (C, k) for any &. 

It is interesting to investigate certain other properties of these series, 
and in particular to prove their partial sums bounded uniformly in @. 
More generally, we prove 


THEOREM 82. If 
(6.11.2) A, =a)+a,+...ta, = O(1), Aa, = O(n-*), 
then 
(6.11.3) \s,(2)| = Σ Ay 2 <H 
o | 
for [52] <1, H being independent of αὶ and n. In particular this is true 


pees or την} (with ay = 0 in the second case). 
—l-+0y 

We note in passing that the hypotheses (6.11.2) imply a, = O(n~"). 
In what follows we shall be dealing with functions of ἡ and z, and O’s 
will be uniform for |z| <1. It is sufficient, by the principle of the 
maximum modulus, to prove (6.11.3) when z = e and 0 < |6| <7. 
We suppose θ > 0, and write p = [7/@], so that p > 1. 

If p > n then 


n : n-1 : [ 
s,(2) = Ya, e" = ¥ A, Aem+A, er? 
0 0 


when a,, 18 [ 


n—1 
— (1--- οἶδ) Σ Ο(1)ὴ-ἘΟ(1) = Οριθ)- Ο(Ἱ) = O(1). 
If p <n then 
$,(2) = > Am eee Σ am end — S, +83, 
0 »τὶ 
and the argument just used shows that δὲ = O(1). Also 


7. « . γι 4 
p+1 | Ῥ 


n 
= Cet 2 On) = O(p™) = O(8), 
since ὦ, = O(n-1), and so S, = O(1). 
It follows from Theorem 82 that, for example, the series 


(6.11.4) 2% (n = 3, 8,..., y τέ 0) 


logn 
is uniformly, though not absolutely, convergent on the unit circle. 


m— Hed = eg 


nr 
{ Alternatively, we may use the identity > ( ae ones es 
0 
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We leave it to the reader to prove 

THEOREM 83. If —1 < 8 <0, a, = 0(1), Aa, = O(n?-1), then 
(6.11.5) |s,(z)| < H|1—z|-F4 
for |z| <1. Ifa, = O(1), A®a, = O(n-?), then (6.11.5) 18 true for B = 0.. 


6.12. The series > n-°e4™". The series 
(6.12.1) 56.) 0", 
where A> 0, 0<a<l, 6 = B+1y, 


is particularly interesting and may be used to illustrate many points 
in the theory of summable series. It is absolutely convergent if B > 1, 
and we shall suppose throughout that β < 1. 

The order of a, is decreased, by a factor n*-1, by differentiation, so 
that the series is adapted for study by means of the EKuler-Maclaurin 
sum formula; but the discussion of its summability on these lines is 
rather tiresome in detail, and we shall use a different method depending 
on a direct use of Cauchy’s theorem. 


THEOREM 84. The series (6.12.1) 1s summable (C,k), where k > —1, 
uf and only if 


(6.12.2) (k+-l)a+fp > 1. 
We write 
u(z) = 2-beAte*, Uy = 0, Un, = (0) (n> 0), 
z— and χὰ having their principal values in the half plane R(z) > 0, and 


τ D(n—m+k+1) 


| ; " 
(6.12.8) S = T(k+1)Uk = Tamayo 


m=1 
We have to show that »-*S tends to a limit if and only if ὦ satisfies 
(6.12.2). | 
We denote by C the rectangle (43—71Y,n—7Y,n+12Y, 4+7Y), shown in 
Fig. 1, by Οἱ and C, the two half-rectangles formed by the lines L, to 
[,and L, to L, respectively. If 


T(n—z+k+1) 


Γ(η--- 2- 1) τ. 


7) = 


then Cauchy’s theorem gives 


(6.12.4) S’ = S—4f(n) = ΕΞ | π᾿ cot π2[(2) de 
ὃ 
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where the integral along (n—iY, n+iY) is a principal value.t Also 


(6.12.5) = Ϊ aif(z) dz = 0, za | (--- πὴ) f(z) dz Ξξ ἢ; 
σι Cs 


BEY nti 


L, 
Ls 
4 n 
Ls 
L, # 
4-—iY n—tY 


Fia. 1. 


Hence, combining (6.12.4) and (6.12.5), we obtain 


(8.12.0 8 -- J. an J We)fle) de +> τ} ete dz + 


+ | fea τὰ | voroats, [φῶ 
t 


| Lsy+L7 L5+Ly 
where ψ(2) = π(οοῦ mz+7) 
according as y = “γ(2) is positive or eu The integral along L;+- L, 


is ἃ principal value. 
Now 


ie) = Ofer), SEE = Ollylt), ete = (ραν) 


+ We apply Cauchy’s theorem to C modified by a semicircular indentation round 
z= ἢ, and then make the radius of the indentation tend to zero. 
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for fixed n, } < x < n, and large |y|. Hence the integrals along L, and 
L, tend to 0 when Y +00, and (6.12.6) gives 


(6.12.7) 8’ -- | fleyde —Z | Hatin fein) dy + 
+ — 00 


+5, | Ho-tiy)fin-tiy) dy = I-AA, 


say, the last integral being a principal value. 
The integral 


Ἶ _,U(n+$+k—iy) 
J ‘ Ta Maio tiv) dy 


is majorized by an integral with integrand independent of n, and the 
function in curly brackets tends to 1 when n -- οὐ, for every y. Hence 


20 


(6.12.8) mJ, > | μ(ἐ -Εὐψ)ψ(ἐ -ὖψ) dy 


--ὦ 
οο 


= J (db iy) Pedi τέ)" AZ dy = il, 


e2mlylt ] 
- ὦ 
say. As regards J,, we have 
: 2πὶ 2πὶ ᾿ 
b(n-+1y) = 1—e27y (y¥>0), — τ [men eay (y < 0); 
and so 
(6.12.9) δ 
D(k+1—ty) «ἡ Sgny 
Jp = — ks στ υΣ Ἔδει = λοι ΑΝ 
2 ἕ Γ(---) u(n-+ty) οϑπιν!.. 1 dy 
a et (EMSW) ς TEI .) ἀν | 
le | Ry Met ate ae 
the last integral being absolutely convergent. It follows that 


{ We divide the range of integration into (0, δ) and (δ, 00), where 0 « ὃ «- 1. It is 
clear, on grounds of ‘dominated convergence’, that the part of the integral over (δ, <0) 
is O(n~*). In (0, δ) we may expand 

; TP(k+1—iy) y 
δ sth ον AR 
ECTS ayy ae 


as uniformly convergent power series P(y/n), Q(y), R(y); and it then becomes plain that 
ὃ 


no | AP(2)em—P(—-2)er—n} 20 dy = O(n-8). 
ὃ 
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and from (6.12.7) and (6.12.8) that 


(6.12.10) 8’ = —intI+o(n*)+J+0(n-*). 
Now 
Ν ΓΓ(ι--2-[1-1) 7 a 
(6.12.11) J = ΞΕ ue) de = | -[ ἘΠῚ 
+ My M: 


where UV, and M, are the lines through } and n parallel to the positive 
direction of the imaginary axis. On U,, 2 = re, where 0 < @ < ἐπ, 
θ-» da; and |e4#*| = e-4r*sina®, Tt follows} that 


(6.12.12) Ι, ~ ink | (4 -Εὐἰψ)τϑοάιᾳ εἰν» dy - ink I*. 
We now take a (small) fixed 5, and write 
(6.12.13) 
. fF T(k+1—iy) , a 
L,= eevee “ — — : 
2 T(—iy) u(n+iy) dy = ὃ | al ath, 
0 n 


In ἴω y > 8n, and z = n-+iy = re”, where 0<w <6 < ἐπ and ὦ 
depends only on 6. Hence 
[64:2 |= e-Artsin ad — e-Br* 
|2->| = r-Pev? < Cr-P, dy = cosecOdr < Ddr, © 


and 
co 


(6.12.14) Lh of [ rk—Be-Br* ar) = O(e-En’), 
bn 
B, C, D, and E being positive functions of δ. 
Finally, if 0 << y < 6n, we have 
eAi(n+iy)® ἘΞ eAin®—Aan “ly... O(e-Fr iy), 


where F is a positive function of 6. Hence 


1 dn 
(6.12.15) A= fn | e-Fn®y dy + [ ψβο- Ῥπδον ἀ)} 
0 i 


= O(n-#)+0[n-8 [ ybera dy) — Οἰμ-βια ται το, 
0 


since (k-+-1)(1—a) > 0. 
Finally, S and 8’ differ by 3f(n) = O(n-*). Hence, collecting our 
results from (6.12.10)-(6.12.15), and remembering again that 
(k+1)(1—a) > 0, 
we find that 
S = ink( I*—1)+0(n*)+O{n-P+e+na-on, 


Τ Again by a simple argument based on majorization. . 
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If & satisfies (6.12.2) then —8+(k+1)(1—a) <k and n-*§ + i(I*— I), 
so that the series (6.12.1) is summable (C,&), to sum ἐ(15--- ἢ. 

To prove the negative assertion of the theorem, we must estimate 
I, more precisely. If we replace (n-+-iy)-® by n-, and Ai(n+1y)* 2 
Ain*— Aan*-ly, we obtain 


~ ρα { U(k+1— —'y) , «- 
bp Ain —Aan ἦν 
ine Wine? (iy) dy. 


When 7 is large, n2-! is small, so that the integral here is dominated 
by the part in which y is large; and we are thus led to replace the 


quotient of gamma-functions by (—iy)*. This leads us to the conclusion 
that 


—I, ~ —in-beAin® | (—iy)Fe-4an*'y dy 
-- e~KE+DmD (+ 1)(Aa)—k-In—b τα εχι- αγράτης͵ 


There is no particular difficulty in making this conclusion rigorous, 
and we suppress the details of the proof. It follows that, when 
(k+1)a+B < 1, S involves an oscillating term whose order is at least 
n*, and that the series is not summable. 


NOTES ON CHAPTER VI 


§ 6.1. Theorem 63 was proved by Hardy, PLMS (2), 8 (1910), 301-20, except 
for the clause concerning summability by means of negative order, which was 
added by Hardy and Littlewood (l.c. under § 5.7); and Theorem 64 by Landau, 
PMF, 21 (1910), 97-177 (103-13). The method of proof here, based on Theorems 
65 and 66, is Hardy’s. A good many other proofs have been given, particularly 
for the special case k = 1, which is important in the theory of Fourier series. See, 
for example, Bromwich, 423-6; de la Vallée-Poussin, Cours d’analyse infinitésimale 
(ed. 6, Louvain, 1926, ii, 109); Kloosterman, JZMS, 15 (1940), 91-6; Mordell, 
J LMS, 3 (1928), 86-9, 119-21, 170-2. 

Theorem 67 was found by Hardy, PEMS (2), 12 (1913), 174—80, in the more 
general form in which δ᾽ a, is given summable by Riesz’s typical means of some 
order. A gap in Hardy’s proof was filled by Ananda Rau, PLMS (2), 17 (1918), 
334-6. The form of the proof here for k = 1 is due to Bosanquet. 

Hardy states erroneously that @, > —H(A,—An_1)/A, 18 ἃ sufficient condition: 
the mistake was corrected by Ananda Rau, ΡΜ (2), 30 (1930), 367-72. On 
the other hand, the two conditions 

(1) an > —H(An—An-1)/Ans (2) lim ay, > 0 
are sufficient: in this case A(z) is slowly decreasing in the sense of §6.2. This 
theorem is included in one due to Szasz, Miinchener Sitzungsberichte (1929), 325-40: 
see the note on ὃ 7.7. If An,:/An — 1, then (1) implies (2) and is sufficient in itself. 

§ 6.2. The definitions of slowly oscillating and slowly decreasing functions and 
sequences are due to R. Schmidt, MZ, 22 (1924), 89-152 (127-42). We shall use 
two forms of the definitions, the first appropriate to the interval (0, 00), the second 
to (— οὐ, 00): see ὃ 12.2. It is the first form which is relevant here. 

4780 L 
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§ 6.3. Hardy and Littlewood, MM, 43 (1914), 134-47. Actually the convergence 
of > n?—1\a,,|? is a sufficient condition for the corresponding theorem concerning 
summability (A). 

§ 6.4. Theorem 70, for integral parameters, is proved (though not quite 
explicitly) by Hardy and Littlewood, PZMS (2), 11 (1913), 411-78 (437). The 
theorem is the case 8 = 0 of their Theorem 19, with ‘bounded (C,r—k), summable 
(C,r)’ in the hypotheses. They state their result only for B > 0, but the proof is 
valid for B = 0. 

There is a considerable literature concerning the general form of the theorem 
with unrestricted parameters, and extensions of it important in the theory of 
Dirichlet’s series. See, for example, Ananda Rau, PLMS (2), 34 (1932), 414-40; 
Andersen, Studier, 55 et seq.; Bosanquet, JEMS, 18 (1943), 239-48; M. Riesz, 
MTE, 29 (1911), 283-301, and AUH, 1 (1923), 104-13; Zygmund, MZ, 25 (1926), 
291-6. Bosanquet gives further references. 

§§ 6.5-6. Theorem 71 was proved independently by Bohr [CR, 148 (1909), 
75-80; Bidrag, 61-9] and by Hardy [PLMS (2), 6 (1908), 255-64; and 8 (1910), 
277-94 (278-81), where a mistake in the earlier paper is corrected]. A number 
of special cases had been proved earlier by various writers, e.g. by Bromwich, 
MA, 65 (1908), 350-69, and by Hardy [PILMS (2), 4 (1906), 247-65 and MA, 
64 (1907), 77-94]. | 

The theorem was extended to general k by Andersen, Studier, 44-55. Simplified 
proofs of the generalized theorem, and further extensions, have been given by . 
Andersen, PLM 'S (2), 27 (1928), 39-71, and Bosanquet, J LMS, 17 (1942), 166—73. 

The necessity of the conditions (in the sense explained on pp. 130-1) was proved 
for integral k by Fekete, MTE, 35 (1917), 309-24, and for general k by Bosanquet, 
l.c. supra. | | 

There are a number of theorems which include both of Theorems 71 and 76, 
especially for integral parameters. Thus Bosanquet, PLMS (2), 50 (1948), 295- 
304, has proved that if k and lL are integers, —1 <1 < k, and pis any real number, 
then, in order that > a,f, should be summable (Ὁ, 1) whenever Ak = O(n*+?), it is 
. necessary and sufficient that 


im a o(n'-?-*), > nPtk| A*+1f, | < οὐ. 


If, for example, p = 0, we obtain necessary and sufficient conditions that > ὦ, fn 
should be summable (C,l) whenever > a, is summable or bounded (C,k). This 
case of the theorem was stated without proof by Schur, JM, 151 (1921), 79-111 
(106), and proved by Bosanquet, JZMS, 20 (1945), 39-48. It reduces to 
Theorem 71 for ἰ = k; and there is a variant in which > a, is summable (C,k) 
and f,, = O(n'-*). 

The special case 1 = 0, p = 0 is considerably older. The sufficiency of the 
conditions in this case was proved by Bromwich, l.c. supra, for integral k, and by 
Chapman, l.c., under § 5.5, generally; and the necessity by Kojima, TMJ, 12 
(1917), 291-326. See Moore, Convergence factors, 45-6. 

More recently Bosanquet, PLMS (not yet published), has extended his theorem, 
with the slightly narrower conditions 0 <1 < k, p > 0, to non-integral k and l. 

Theorem 76 was stated (at any rate for integral k) by M. Riesz, CR, 148 
(1909), 1658-60; and proved, for general k, integral 8, by Chapman, l.c., under 
§ 5.5, 388-9. There is a proof for general k and s by Zygmund, BAP (1927), 
309-31; and another by Ananda Rau, left incomplete at one point in his paper 
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referred to under § 6.4, has been completed by Minakshisundaram, JIMS (2), 
2 (1936), 147-55. 

There are analogues of these theorems for ‘absolute summability’. The series 

Σ ας, is said to be absolutely summable (C,k), or summable |C, k|, if 

Σ |Ck(A)—Ch4(A)| < 0. 
Thus summability |C, 0] is absolute convergence: the definition is Fekete’s. We 
shall not be concerned with absolute summability here, but theorems corre- 
sponding to Theorem 71, and others of these sections, have been proved by 
Bosanquet, Fekete, and Kogbetliantz. References will be found in Kogbetliantz 
and in Bosanquet’s papers quoted here. 

We add a remark about the argument in the text. We deduce Theorem 76 
(for integral k and 8) from Theorems 47, 71, and 65. Alternatively, we may deduce 
it from Theorems 47 and 66. It is trivial if k = 0. If k > 0 then, in order that 
Σ n~1a, should be summable (Ὁ, k—1), it is necessary and sufficient that > n-*Ak-2 
should be convergent, and this is easily proved by partial summation. The proof 
is valid for non-integral k. 

We can also vary the proof so as to avoid an appeal to Theorem 47. 

§ 6.7. Theorems 77 and 78 were proved by Hardy and Littlewood, MZ, 19 
(1924), 67-96: they are closely connected with others proved independently by 
Knopp, ibid. 97—113.. Later, Andersen, PLM 'S (2), 27 (1928), 39-71, and Hardy 
and Littlewood, ibid. 327-48, transformed and generalized them in various ways. 
See Kogbetliantz, 33. | 

ὃ 6.8. It is, as usual, difficult to give precise references for the integral theorems. 
For the equivalence theorem, see Landau, Leipziger Sitzwngsberichte, 65 (1913), 
131-8; for the analogue of Theorem 71, Hardy, MM, 40 (1910), 108-12; for the 
pomts discussed at the end of the section, M. E. Grimshaw, JLMS, 9 (1934), 
94-102. 

§§ 6.9-10. The substance of the results here is due to Chapman and Knopp, 
l.e., under ὃ 5.5. ᾿ 

§ 6.11. The bounded convergence of the series (6.11.1), and the uniform con- 
vergence of (6.11.4), were proved, less directly, by Hardy, QJM, 44 (1913), 
147-60. See also Landau, Hrgebnisse, 68-9. 

The most interesting case of Theorem 83, in which > a,z* = (1—z)-F-1, is 
equivalent to a theorem of M. Riesz, AUH, 1 (1923), 114-26. It is stated more 
explicitly by Fejér, MZ, 24 (1925), 267-84 (269). Szegd, MZ, 25 (1926), 172-87, 
gives a different proof, based on Kaluza’s Theorem 22, and a generalization to 
the case β > 0. 

The proof of Theorem 83 is a little more complex when β = 0 than when 
B < 0. Itis worked out in detail for the case a, = n'” by Hardy and Rogosinski, 
OQJ, 16 (1945), 49-58. 

§ 6.12. The main result is due to Hardy, PLMS (2), 9 (1911), 126-44; but the 
discussion there is not quite satisfactory for our present purpose, since it is based 
on the restricted form of Riesz’s means of § 5.16 in which w assumes integral 
values only. It is not difficult to modify the argument so as to take account of 
non-integral ὦ, and prove that the series issummable(R, n, k) when (k+ lja+B>1; 
but then we need the troublesome Theorem 58 (proved in § 5.16 only for integral k) 
in order to infer summability (C, £). 


VII 
TAUBERIAN THEOREMS FOR POWER SERIES 


7.1. Abelian and Tauberian theorems. We shall be concerned 
throughout this chapter with a set of theorems of the kind usually 
called ‘Tauberian’. We used this word in §6.1, and gave a short 
explanation of the nature of a Tauberian theorem. The theorems which 
we prove here are more difficult, and our exposition of them more 
systematic, so that it will be best to begin by a more precise definition 
of the meaning of the word and of the word ‘Abelian’ with which it is 
contrasted. It is convenient to use notations differing in some points 
from those which we have used hitherto. 

We denote the series and integral 


(7.1.1) Σ dns J aw dt 


by S and J, and their values, when they are convergent, by s and 2 
(so that, for example, S = s means that > a, converges to 8). We write 


8, = Ag tay+...+ay, q(t) = { a(w) du, 


0 


Sy) = La,em, Jy) = {| alte de, 


when y > 0 and the series and integral are convergent. By S = s(A) 
or J = j(A) we mean that S(y) > s or J(y)->j when y > 0, and by 
S = 8(C) or J ~j(C) we mean that the series or integral (7.1.1) is 
summable (C, 1) to 8 or 7: we shall not have occasion to consider Cesaro 
summability of any other order. We denote the hypotheses 


S=s, J=j, S=s(A), J=j (A) S=s (60), J=j (CO) 


by K, K', K,, K's, Ke, Ke 
respectively. 


and 


An ‘Abelian’ theorem is, roughly, one which asserts that, if a sequence 
or function behaves regularly, then some average of the sequence or 
function behaves regularly. Thus ‘if s, > s then 


ee Sp tsi ++ TS eee 
ἡ n+-1 


or ‘K implies K,’ and its integral analogue ‘K’ implies Kg’ are Abelian. 
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Abel’s theorem on the continuity of power series is an Abelian theorem 
(and it is from this that the name is derived). For 


ΟΠ 808: 8,53 Εἰς. 
Tate... 
when 0 < x < 1 and the series are convergent; the right-hand side is a 
certain average of the s,; and Abel’s theorem asserts that this average 
tends to 8, when x > 1, if s, itself tends to 8. Generally, any theorem 
asserting the regularity (ὃ 3.2) of a method of summation is an Abelian 
theorem. | 

The direct converse of an Abelian theorem is usually false. It is 
obvious, for example, that, if the regularity theorem for any method of 
summation is reversible, then the method is trivial in the sense that 
it willsum convergent series only. There are, however, many important 
theorems which may be called corrected forms of the false converses of 
Abelian theorems. Thus we saw in §6.1 that the false theorem ‘oc, > 8 
implies s, — s’, or ‘Kg implies K’, becomes true if we subject s, to an 
appropriate additional condition, such as a, = O(n-1). Such theorems 
are called ‘Tauberian’, after A. Tauber, who first proved one of the 
simplest of them; and the supplementary condition is called a ‘Tauberian 
condition’. 

The most important Tauberian conditions with which we shall be 
concerned here are 


(0) @,=o0(n~), (O) a, =O(n"), (Op) O > —Hn", 
(Op) a, < Hn-, 
and their integral analogues 
(0’) a(t)=o(t"), (ΟἽ aft)=O(t), (Of) a(t) > —Ht, 
(Op) a(t) << At-}. 
Here H is a positive constant, and the conditions on a(t) are supposed 
to be satisfied for large ¢. The behaviour of a(t) for small t will be 


irrelevant; we shall usually suppose only that it is integrable down to 0. 
We shall also use two generalizations of (0) and (ο΄), viz. 


(w) a,+2a,+...fna, = o(n), 


Aj +a,x2-+a,x7-+... 


t 
(w’) | wa(u) du = o(t). 


7.2. Tauber’s first theorem. The first of Tauber’s theorems was 


THEOREM 85. If >a, is summable (A) to sum 8, and a, = o(n-}), 
then > a,, converges to 8 
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or ‘K, and o imply Κ΄. The integral analogue is ‘K', and o’ imply 
K"’. We call this Theorem 85a, and use this notation for integral 
analogues generally. 

We begin by proving Theorem 85a, and deduce Theorem 85 as a 
corollary: we might also prove Theorem 85 directly by an argument 
running parallel to that used in the proof of Theorem 85a. 

It is plain that (o’) implies the absolute convergence of J(y) for y > 0. 
Also | 


j [)- (y) = [τῳ dt — i e-Va(t) dt 


ly = 

= f (1-e)a(t) dt — [ ea(t) dt = P—Q; 
0 lly 
1/y 1/y 


P= J O(yt)o [ di=y J o(1) dt = o(1), 


since 0 < l1—e-“ < yt; and 


Q “| ο--νίρ [ dt = (uf e~ut a = | fe an} = 0(1). 


Hence j(1/y) = J(y)+-0(1) > 7 when y > 0, i.e. 2(0) > 2 when too. 
To deduce Theorem 85 we take a(t) = a, forn <t<n+l1. Then 


J(y) = 24, f ou dt = ΤῊΣ taken — etm} 


1--οτν 1--οτν 
= Σ α εππν-- δ), 
7 n a y) 


so that S(y) --Ὁ 8 implies J(y)—>s. Also a, = o(n-") st a a(t) = o(t-4); 
so that Theorem 85 follows from Theorem 85a. 


7.3. Tauber’s second theorem. In Tauber’s second theorem the 
hypothesis o is replaced by w. This changes the character of the 
theorem; for the convergence of S implies w, by Theorem 26, so that 
w is a necessary condition for K. 

THEOREM 86. If > a, ts summable (A) to 8, then w ts a necessary and 
sufficient condition for its convergence to 8. 

The integral analogue is ‘if Κ΄, is true, then w’ is necessary and suffi- 
cient for K”’. It will be convenient, here and later, to prove the main 
theorem and its integral analogue together, as special cases of ἃ theorem 
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concerning Stieltjes integrals. We take for granted the definition and 
elementary properties of the ‘Riemann-Stieltjes’ integral 


T 
| FO dot), 


a 
where (a, 7’) is finite. In particular we assume that the integral exists 
when one of the functions is continuous and the other of bounded 
variation, and that 


T T 
(7.3.1) | f(t) da(t) = f(T)a(T)—fla)o(a)— | a(t) df) 


We shall always suppose that a(t) is of bounded variation and that 


a(0) = 0. We shall also use the ee 
T 


(7.3.2) { f(t) do(t) = j f A aB(t), 


t 
where A(t) = [ g(u) da(u), f and g are continuous, and g > 0. 


a 


We define the Supe: integral over (a, co) by 
j f(t) ἀα(ἢ = lim mf f(t) do(t). 


The integrals with which we shall be pancernied are of the type 


co 


(7.3.3) I(y) = { out da(t). 


0 
We shall always suppose J(y) convergent for all positive y, in which 
case a(t) = o(e”) for all such y. If a(t) is absolutely continuous, and 
᾿ αἱ (ἢ = a(t), then I(y) reduces to J(y). If a(t) is the step-function with 
jumps a, at the points t= πη, then it reduces to S(y). Thus any 
Abelian or Tauberian theorem concerning J(y) will contain one for J(y) 
and one for S(y). 

THEOREM 87. If a(t) > 1 when t > 00, then I(y) 1s convergent for y > 0, 
and I(y) - when y > 0. 


For 2 
I(y) = lim e~ut da(t) 

To |. 

0 r - 
= lim leno" a(T')+y [ ε-υίχ() a =y [ e-Va(t) dé, 
T->00 ‘ . 5 
and so I(y) > limly [ ev dt = l. 
yo ὁ 


Τ᾿ And a(-+0)—a(0) = a( 4-0) = ap. 
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Next, we prove a theorem which includes Theorems 85 and 85a. _ 
THEOREM 88. If I(y) is convergent for y > 0, and I(y) >I when 
y > 0, then a necessary and sufficient condition that [ da(t) = l, t.e. that 
a(t) > 1 when t > «0, is that 
(7.3.4) A(t) = [ u do(u) = o(t) 
0 
when t > oo. 


First, the condition is necessary because 
t 


Blt) = tee(t)— | a(u) du, 


0 


t 
β(ὴ = a(t) —= | a(u)du+>Il—l = 0 
if a(t) > 1. : 
Secondly, if (7.3.4) is satisfied, then (7.3.2) and (7.3.4) give 
t t | t 
aB(u) _ Bit) B(u) 
α(έ)---α(1) = | da(u) = | —— =~ A(1)+ τς du 
fon [Ame 


du 


= κα) σα) { τὴ = o(logt) = o(t) 


1 


t 
and so y(t) = [ (ω- 1) da(w) = B(t)+a(t) = o(t). 
0 


Now 
—yt = oe = y(t) —yt Ϊ y(t) —yi 
fe νί da(t) 1s dy) =y | He νἱ dt + G+ dt. 
The first term on the right is o(y [ e~¥! dt) = 0(1), and so 
_yt Js y(t) t 
[δὼ μά! -- | EO ew αι τ. 


But 6(¢) = ο(ἐ 1), and therefore, by Theorem 85a, { δ() dt converges to l. 
Finally, 
_ τς | OE a= [δ dt =1 
| da) = τι | GD (t) 


Thus (7.3.4) is a sufficient as well as a necessary condition. Specializing 
a(t) as stated, we obtain Theorems 86 and 86a. 
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7.4. Applications to general Dirichlet’s series. (1) If A, > 0, 
Anti > An An >, and a(t) is a step-function with jumps a, at the 
points A,,, then 
(7.4.1) I(y) = > An e-UAn: 
and this specialization of «(¢), in any of our theorems, leads to a theorem 
about such a Dirichlet’s series. Thus Theorem 87 leads to the regularity 
theorem for the (A,A) method of summation. We shall not consider 
the properties of the general series (7.4.1) in any detail here, but we 
illustrate our remarks by proving the Tauberian theorem for Dirichlet’s 
series which corresponds to Theorem 85. 

ΤΉΒΟΒΕΜ 89. If S(y) = > a,,e-” is convergent for y > 0; S(y) -Ὁ 8 
when y -> 0; and 


(7.4.2) ὁ a, = ofa 2a) 


then > a, converges to 8. 
We apply Theorem 88, taking 


a(t) = >> An: 


Then I(y) = S(y) > 8. Also, if A, is the last 4, less than ¢, then 
t 
Bit) = | dau) = 5 An 


= λον ἘΣ On—An-a) = (2) = Of) 


Thus the conditions of Theorem 88 are satisfied, and a(t) -Ὁ 8, i.e. 
> a, = 8. | | 

(2) The condition (7.4.2) is, roughly, the stronger the more slowly 
A, tends to infinity: thus it is a, =o(n-1) when A, =n, and 
a, = o{(nlogn)-1} when A, = logn. A divergent series which satisfies 
the first condition cannot, after Theorem 85, be summable (A), but it 
may well be summable (A,logn). The latter method is not, in the 
language of §§3.8 and 4.12, so ‘powerful’ as the A method, since it can 
apply only to series > a, such that > n-¥%a, is convergent for all posi- 
tive y. Thus it is not applicable to such a series as 1—2-+3—...; but, 
as is shown by Theorem 28 of § 4.8, it is at least as effective within its 
limits of applicability; and the example of the series δ᾽ n-!-© shows 
that it is sometimes more so (§ 7.9). 


7.5. The deeper Tauberian theorems. We pass now to a series 
of theorems of a more difficult character, of which the best-known and 
in some ways the most typical is 
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THEOREM 90. If > a,, is summable (A) to sum 8, and a, = O(n-), then 
> a,, converges to 8. 


That is to say, ‘K, and O imply K’. This theorem is a direct 
generalization of Tauber’s theorem 85, the condition o being replaced 
by O. Some prefatory remarks will be useful. 

(1) If Sa, is summable (C,k), for any k, then, by Theorem 55, it 
is summable (A). Hence Theorem 90 includes Theorem 63 of Ch. VI. 
Generally, any Tauberian theorem for A summability includes one for 
(C, &) summability, though an independent proof of the latter is eseuey. 
easier. 

(2) There are naturally variants of the theorems of δὲ 7.2—4 in which 
‘o’ is replaced by ‘O’ in both hypotheses and conclusion, and the proofs 
of these are trivial variants of those of the ‘o’ theorems. Thus Theorem 
85 has the variant 

‘af 8, = O(1) (A), 2.2. of S(y) 1s bounded when y > 0, and a, = O(n-), 
then s, = O(1)’, 
and the proof, being a slightly simpler variant of that of Theorem 85, 
need not be set out in detail. We shall sometimes 86 such theorems, 
and shall indicate them by an [0], Theorem 85 [0], for example, being 
the theorem just stated; but we shall take the proofs for granted. The 
significant theorems of the next sections will be those in which, as in 
Theorem 90, ‘O’ occurs in one of the hypotheses but ‘o’ in the conclusion. 

Similarly an integral i, Theorem Xa, will have an ‘O’ form, 
Theorem Xa [O]. 

(3) We shall sometimes use one-sided order conditions of the types 
α, > —Hd(n) or a, < Hd(n), where a, is real and H and ¢(n) are posi- 
tive. We shall write these as a, = O,{¢(n)} or a, = Op{d(n)}. Thus 
a, > —Hn-' or a, = O,(n-1) is the condition O,; of §7.1. Actually, 
only ΟἹ, will occur in our theorems, since a theorem with an Op may 
be deduced by a change of sign from the corresponding theorem with O,. 

We now state a series of theorems which we shall consider together 
with Theorem 90. 


TuroreM 91. If Sa, = (A), ὦ, ts real, and a, = O,(n-"), then 
> a, = 8. | | 

THEOREM 92. If Sa, = s(A), and s, = O(1), then > a, = s(C, 1). 

THEOREM 93. If > a, = s(A) and s, > 0, then Σ᾽ a, = 8(6, 1). 

THEOREM 94. Jf } a, = 5(4), @, ts real, and s, = O,(1), then 
Σ a, = 8(6, 1). 
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THEOREM 95. If 


(7.5.1) f(x) = > a, 2" ~ ἘΞ 
when x->1, and a, = O(1), then s, ~ Cn. 

THEOREM 96. Jf (7.5.1) ἐδ true, and a,, > 0, then 8s, ~ Cn. 

THEOREM 97. Jf (7.5.1) is true, a, is real, and a, = O,(1), then 
8, ~ Cn. 

In the last three theorems (7.5.1) is to be interpreted as (1—) f(x) > 0, 
and s, ~ Cn as s, = o(n), when C = 0. Since 1—e-¥ ~ y when y > 0 
(7.5.1) is equivalent to S(y) ~ Cy-}. 

All these theorems are of the same depth, and it is comparatively 
easy to deduce any one of them from any other: the most interesting of 
these deductions will be found in §§ 7.7 and 7.8. In some cases the deduc- 
tions are quite trivial. Thus Theorem 93 is obviously a special case of 
Theorem 94, and Theorem 96 of Theorem 97. Theorems 90, 92, and 95 
are special cases of Theorems 91, 94, and 97 respectively when a,, is 
real, and may be reduced to special cases of them in any case by con- 
sidering real and imaginary parts separately. Thus we have only to 
prove Theorems 91, 94, and 97. 

Next, Theorem 94 is a corollary of Theorem 97. For if the conditions 
of Theorem 94 are satisfied, then 


and s, = O,(1). Hence, assuming the truth of Theorem 97, and apni: 
ing it to > s, x”, we obtain 
So tSy +... FS, ~ 85 
or > a, = 8 (C,1). 
Finally, while Theorem 96 is a special case of Theorem 97, the latter 
is a corollary of the former. For if the conditions of Theorem 97 are 
BaHeaCG: and a, > —H, say, then ὁ, = a,+H > 0 and 


> 6,2" = da, op 5 ο one, 


1—a 
Hence (assuming Theorem 96) we have 
bo +b, +... +0, ~ (C+ H)n, 
and therefore s, ~ Cn. 

Thus it is enough to prove Theorems 91 and 96. The set of integral _ 
analogues of the theorems may be reduced in the same way. Actually,” 
we shall prove Theorems 96 and 96a directly and deduce Theorems 91 
and 91a from them. 
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7.6. Proof of Theorems 96 and 96a. We shall prove Theorems 96 
and 96a as special cases of a theorem concerning Stieltjes integrals. 


THEOREM 98. If a(t) increases with t, 
I(y) = | e-™ da(t) 
is convergent for y > 0, and I(y) ~ Cy-1, where C > 0, when y > 0, then 
a(t) “ Ct. 
We need two lemmas. 


THEOREM 99. If g(x) 1s real, and Riemann integrable in (0,1), then 
there are polynomials p(x) and P(x) such that p(x) < g(x) < P(x) and 


{ (P@)—pla)} de = 7 e~{P(e)—ple-t} dt < ε. 


(i) Suppose first that g is 1 in (a,8), where ὁ << «<8 <1, and 0 
outside (a, 8). We can plainly find a continuous At such that 


g<h, [--ο) da « ε. | 


By Weierstrass’s theorem, there is a polynomial Q such that |h—Q| < ε. 
If P = Q+e, then Ξ ἢ < P and 


{ (P-9) ἄχ < [ (P—Q) dx + | \Q—h| da + | (h—g) du < 8ε. 


Similarly there is a p such that p < g and (g—p) dx < 3c; and p and 
P satisfy the requirements of the theorem (with 6e for «). Thus the 
theorem is true for this special g. 

(ii) It follows by multiplication and addition that the theorem is 
true for any finite step-function. 

(iii) If g is any Riemann integrable function, then there are finite 
step-functions g, and g, such that 


1595S 9%: | (J2—9i) dx <e. 


We associate polynomials p,, P, with σι, and p., P, with g,, in the 
manner prescribed by the theorem. Then p, <g < Ff, 


| (P,—g2) dz <e, | (9;—P) du <e, 
and Ϊ (P,—p,) dx = | {(P,—92) + G2—91) + (91—P1)} du < 3e, 


which proves the theorem. 


+ Which may be g in («, 8). In what follows integrals with respect to x, without 
limits shown, are over (0,1), and those with respect to ¢ over (0, 0). 
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In our second lemma we require a little more knowledge of the 
Stieltjes integral than we have presupposed up to the present. We 
assume that, if f and g are of bounded variation, but not necessarily 
continuous, in a finite interval, and have no common points of dis- 
continuity, then each is integrable with respect to the other. The 
formula for partial integration is still valid, but we shall not need it. 
Integrals up to οὐ are defined as limits, as in §7.3. 

THEOREM 100. Suppose that «(t) increases with t, that I(y) 1s convergent 
for y > 0, that I(y) ~ Cy, and that g(x) is of bounded variation in 
(0,1). Then 

x(y) = [ e-vg(e™) da(t) 


exists for all positive values of y except values τω, where wis a discontinuity 
of «and τ a discontinuity of g(e+); and 


(7.6.1) x(y) υ Ϊ e~“g(e“) dt 


when y > 0 through any sequence of positive values which excludes these 
exceptional values. 


The values of y excluded are those for which g(e-) and a(t) have 
common discontinuities: y(y) is not defined for such y. Since the ὦ and 
the 7 are at most enumerable, we exclude at most an enumerable set 
of values y;, of y. 

Since a function of bounded variation is Riemann integrable, we can, 
by Theorem 99, choose polynomials p and P so that 


p<g<P, | e{P(e~)—p(e)} dt « ε. 
Then [ e“p(e) dt < [ e—“g(e) dt < [ e+P(e-) dt; 
and [ 6-νίρ(ε- υἡ da(t) < i e-uig(e-v) da(t) < [ 6. ὙὴΡ(6- νὴ da(t), 
for y ~ y,, because a(t) increases with ¢. Now 


{ e-vle-nut da(t) = | 6- νῦν da(t) τ 7 | e-te—mt dt, 


C —— 
(n+ l)y 
and therefore 


| ον P(e-U*) da(t) ~ τ | e—P(e-) dt. 
Hence, if y > 0 through any sequence free from values y,, we have 


(7.6.2) limy | e-vig(e-vt) da(t) < limy [ ετϑ!ρᾳ(ε- νυ ἀα() 
y—0 y—0 


= 0 [ eP(e) dt << C | e-g(e-!) dt + Ce. 
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Similarly, using p instead of P, we obtain 


(7.6.3) lim y [ evig(e—vt) da(t) > C [ ο-ἰσ(ε ἢ dt —Ce; 
y>0 


and (7.6.1) follows from (7.6.2) and (7.6.3). 
We can now prove Theorem 98. We suppose, as always, that «(0) = 0. 
We take 
g(x) = 2 (“1 « αὶ « 1), g(x) = 0 (0 «“ <e-), 
so that g(e) = εἰ for 0 « ἐ < 1 and g(e“) = 0 fort "1. Then 
ee) L/y 1 
= [ e-vig(e-¥) da(t) = [ da(t) = [ 
xly) = [ετὐί(ο- νὴ da?) J α() = a= 


0 
co 


1 
Also etg(e—) dt = | dt = 1. 
J g(e~) J 
Hence, by Theorem 100, a(y-!) ~ Cy—! when y > 0, i.e. a(t) ~ Ct when 
t -> co, exception being made in either case of a certain enumerable set 
of values. Here there is just one τ, viz. 1, and the values of ¢ excluded 
are the discontinuities of a(t). Thus a(t) ~ Ct when t->oo through 
points of continuity of a(t). Finally, since a(t) increases with ¢, it is true 
without reservation. 

Theorem 98 includes Theorem 96 and its integral analogue Theorem 
96a. If a(t) is a step-function with jumps a, > 0 for ὁ = n, then 


I(y) = Sy) = Σ α, e-™, 
and S(y) ~ Cy-! implies s, ~ Cn. This is Theorem 96. Similarly, if 
a(t) is absolutely continuous, and «’(t) = a(t), we obtain Theorem 96a. 
7.7. Proof of Theorems 91 and 91a. We can now prove a theorem 
which includes Theorems 91 and 91a. We require two further lemmas. 
THEOREM 101. If f(y) is twice differentiable for positive y, and 
(7.1.1) fly)>1, | (7.7.2) f"(y) > —Ky, 
when y -> 0, then yf’(y) > 0. 
The theorem is one of an important type, and it will be instructive 
to give two proofs. 
(1) If y and y+7 are positive, then 
(7.7.3) fytm—fy) = af }- ἐη 7 y+ On), 
where 0 < 6 < 1; or 


(7.7.4) Ὁ) — ft) μι ψΈθη). 
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We choose ὃ so that 0 < ὃ < 1 and 
sees <e€ 
2(1—8)? 
and apply (7.7.4) with ἡ = dy and ἡ = —8y. 
First, taking ἡ = dy, (7.7.1), (7.7.2), (7.7.4) and (7.7.5) give 


, | ] Kéy Kd 
P10) <5) + aoa < (59) ἐπν «ΚΤ 


(7.7.5) 


2(y+ dy)? ~ 
and so lim yf’(y) < ε. 
Secondly, taking ἡ = —5y, they give 


; 1 Kéby 1 Kd Ιλ ε 
ΠΗ ἘΠ ~ 3 aby > (55) ᾿Ξ > (ie) -P 

and so lim yf’(y) > —e. 
Hence yf’(y) > 0. ae 

(2) We observe first that if d(y) = f’(y)—Ky-! then 

Py) = f"(y)+ Ky > 0. 

Thus ¢ is an increasing function which has a finite derivative ¢’ for 
each y, and is therefore the integral of ¢’.t Hence f’ is the integral of f’. 

If yf’(y) +> 0, then one or other of the inequalities 


(7.7.6) Py) > Hy, ΚΓ) < —Hy" 
is true for some positive H and a sequence of values of y tending to 0. 
Let us suppose, for example, that the first inequality (7.7.6) is satisfied 
for the values y = Y. If 

ὃ = H/2K, Y+6Y, 
then 


Yay 
Fy) = f'(Y)+ fro du > Ξ κῶς [3 

ς 

<a 


YV+é6 

KSA. 
| R--9-8 
Y 


¥+oY 2 
A¥+8Y)—-f¥) = f f'(u) du > Say =F, 


¥ 
which contradicts (7.7.1). Similarly, considering an interval 
Y—sY <y<Y, 
we obtain a contradiction from the second inequality (7.7.6). Hence 
F'(y) = o(y-?). 


Τ᾽ See, for example, Titchmarsh, Theory of functions, 368. 


and therefore 
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We can now prove 


THEOREM 102. If (i) I(y) is convergent for y > 0, and I(y) > 1 when 
y —> 0; (ii) there is a function B(t) such that β(0) = 0, B(t) ~ t, and 


t 
(7.7.7) y(t) = LB(t)+ | wu de(u) 
0 


is, for some positive L, an increasing function of t; then a(t) > l. 

It follows from the definition of A(t) that it is the difference of two 
bounded and increasing functions, and therefore of bounded variation, 
in any finite interval (0, 7’). 

We observe first that 


1 
7.7.8 e-vt dB(t) = e-VIB(t) dt ~ tev! dt = -, 
(7.7.8) [ew dpi) =y [ ew) dt~y [ Ξ 
(7.7.9) | e-vtt dB(t) = ( e~u!(yt—1)B(t) dt 
2 1 1 
lo ψ | t2e—vé dt — [ ἰο-νί dt = ye γὲ = γ᾽ 


ΤᾺ) =— [ te-v' ἀα(ἢ,  I"(y) = t2e-vt do(t). 
Hence, first, 
Τῳ) = | te-ut dy(t)—L | te-vt dB(t) > —L | te-ut dB(t) > - ; 


for an appropriate M. It follows, by Theorem 101, that 7΄ (}) = ο(ψ ἢ). 


But 
I'(y) = — [ ew dy(t) +L [ e dpe; 
and therefore, by (7.7.8), 
1, 
7.7.10 e—¥ dy(t) ~ —. 
(7.7.10) ὠὰ 


Since y(é) increases, it follows from (7.7.10) and Theorem 98, that 
y(t) ~ Lt; and so that , 
t 
(7.7.11) | u da(u) = y(t)—LB(t) = o(t). 
0 
Finally, it follows from (7.7.11) and Theorem 88 that a(t) > l. 
This proves Theorem 102. If a(t) is the step-function of §7.4(1), with 
AX, = ἢ, and na, > —H, we may take 
R(t) = Σ 1. 
n<t 
Then y(t) = LB) + Σ πα, = Σ (na, +L) 
nat neat 


increases with ¢ if L > H, and we obtain Theorem 91. If a(t) is 
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absolutely continuous, «'(t) = a(t), and ta(t) > —H, then we may take 
B(t) = t, and obtain Theorem 91 a similarly. 

We make one further specialization of Theorem 102. Suppose that 
An <Antp An > © and 


(7.7.12) Anti ~ An 

that a(t) is the step-function of §7.4(1), and that 
(7.7.13) | AQ, > —H(rA,—An-1)/An- 
if BO) = nana) 


(with A_, = 0) and LZ > H, then 


t 
y(t) = Lp(t)+ [ wda(u) = Σ {LAr—Ara)+An da} 


is an increasing function of ἐ. Also P(t) ~ Ay, where N is the last value 
of n for which A,, < ἔ; and (7.7.12) then shows that A(t) ~ ¢. Hence the 
conditions of Theorem 102 are satisfied, and we obtain 


THEOREM 103. Jf X,, tends to infinity so as to satisfy (7.7.12), a, satisfies 
(7.7.13), and S(y) = > a, e~*»¥ > 8 when y — 0, then > a,, converges to 8. 
This theorem corresponds to Theorem 91 as Theorem 89 corresponds to 
Theorem 85; but there is an additional condition on A,, viz. (7.7.12). This 
restriction is essential; the proof fails without it, since it is then no longer true 
that B(t) ~ t; and the theorem itself becomes false. Suppose, for example, that 
Nam = gm Q-m-2 Nem+1 = gmt, 
and a, = (—1)". Then a, > 0 if nis even. Also 
Asmii—Aam _ 242 —2M—]2-m™ | 
ao hae = on > 1-4-3 >, 
so that ἄχει = —1> —4(Aem41—Aam)/Aemss 
Thus (7.7.13) is true with H = 4. Also 
Sly) = eB Demy y—e ty) = et ΟΣ 2-4) = 140(y) > 1; 


but > ας is not convergent. 

There is a difference in this respect between Theorem 103 and the more direct 
generalization of Theorem 90, viz. 

TxrorEM 104. If S(y) = Σα, 6 λὲν > 8 and ay = Of{(An—Ag_1)/An}s then J ας 
converges to 8. 

Here it is not necessary to assume (7.7.12).f 


7.8. Further remarks on the relations between the theorems 
of § 7.5. There are various methods of proving the theorems of § 7.5, 
the simplest being Karamata’s, which we have followed here. The 
original method of Hardy and Littlewood involves a technique of 
repeated differentiation, about which we shall say something in § 7.12. 


+ See the note at the end of the chapter. 
4780 M 
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There is also the method of Wiener, which is the most powerful and 
the most general, but also the most difficult, since it depends on deep 
theorems in the theory of Fourier transforms. This we leave to Ch. XII. 

Each method involves a characteristic idea, leading to one of the 
theorems from which the others are deduced by more elementary 
devices. Thus Karamata’s idea is embodied in Theorem 100, and the 
Tauberian theorem to which it leads naturally is Theorem 96. The 
method of Hardy and Littlewood leads to Theorem 90 or Theorem 96, 
according to the manner of its use; while that of Wiener leads most 
naturally to Theorem 92. 

It is therefore interesting to examine the relations between the 
theorems more closely. We show here (i) how to deduce Theorem 92 
from Theorem 90, and (ii) how to deduce Theorem 96 from Theorem 92. 

(i) Deduction of Theorem 92 from Theorem 90. We suppose that the 
conditions of Theorem 92 are satisfied and, as we may without real loss 
of generality, that a, = 0 and 8 = 0. We write 


Wy = 0, Wy == A,+2a,+...-na, (n> 0), v, = ely 
so that 

| = (n-+1)s,—S )—S,—...—8, = O(n), v, = O(n-); 
and f(x) = > a, x", g(x) = Dv, 241, 
Then 


g(2)+(1—2)q'(e) = > a jot > Mean — > ΝΣ 


ΣῊ 


g(a) +(1—x)g'(z) = σ(1), ae fer) = ofl, 


Hence 


and therefore, integrating, we have 
9) (.1). — ofl 
#2) — of), σὺ) = oft), 
Since g(x) = > v, 2%! = o(1) and v, = O(n), it follows from 
Theorem 90 that > v, converges to 0. But - 


τ 1 1 ἡ Ξ ΗΝ Wn—Wn-1 τὖῦν 
Συ, = = 2h n n+l "ἘΣ n — N+1 
Wy 80 8. by 
N+1 N+1 ; 
Hence s9+8,+...+sy = o(N), ie. > a, = 0(C, 1). 


t The summations running from 1 to οὐ. 
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(ii) Deduction of Theorem 96 from Theorem 92. We suppose the hypo- 
theses of Theorem 96 satisfied. Then, if x > 1, we have 


ϑ «β- ΠΣ an(1-2)" < 4{--2} = O(n). 


0 
We write t,, = s,/(n+1), so that t, = O(1). Hence, if 


iil ee, 8 ic ὡ Se ne 
"ΠΡ π n+2 ntl” n4+2  (n+1)(n42)’ 
then 
(7.8.1) bot byt. +, = tyis—8 = O(1), 
(7.8.2) ee ees 


= 
(n--1)(n+- 2) n 
for an appropriate ἢ. Next, 


2 


Sine = > at = : f Dama = | qlZan a 


0 


~3{ Ma of ete 


(1—t)? 1—a’ 
0 


and so 
(7.8.3) > b,x" = (ty—to) + (tg—ty) a+ (tg—ty)2?+ ... 
ly , 1-2 Η a 
- > ων.» C—to. 


From (7.8.3), (7.8.1), and Theorem 92 it follows that > b, = C—t, (C, 1), 
1.6. 


(1.8.4) | _—_ tot 'S bm > (6,1). 


| Finally, from (7.8.4), (7.8.2), and Theorem 64, it follows that 1, > C, 
i.e. that 8, ~ Cn. 


7.9. The series > n-1-*. We have seen in §6.11 that the series 
> n-1-, where c is real and not 0, is not convergent, and that in fact 


mt 
8, = πὰ + ἰ-Ἐ (1), 


where | is independent οὗ n.t Since a, = Ο(η 1), it follows from 


t+ We shall identify 2 as ζ(1- 0) in Ch. XIII. 
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Theorem 90 that > α,, is not summable (A): that it is not summable 
(C) followed from Theorem 63. It is summable (A, log 7), since 
> n-i-v-te — C(1+-y+ic) -» C(1+i%c). 

Theorems 63 and 90, and the other theorems of §7.5, have many 
applications in the theory of Fourier series. It is known, for example, 
that the Fourier series of any integrable f(t) is summable (A), or (Ὁ, 1), at 
any point of continuity or jump of f(t). If f(t) is of bounded variation, 
then its Fourier coefficients are O(n-!); and it then follows, from 
Theorem 90 or Theorem 63, that the series is convergent for all ¢. 


7.10. Slowly oscillating and slowly decreasing functions. We 
can generalize Theorem 91 further by the use of the ideas of § 6.2. 

ΤΉΒΟΒΕΜ 105. Jf (i) L(y) = [ eV! da(t) is convergent for y > 0, and 
L(y) > l when y > 0; (ii) a(t) ts slowly decreasing; then a(t) > l when t > 00. 

ΤΉΒΟΒΕΜ 106. If >a, -Ξ 8 (A), and s, is slowly decreasing, then 
> a= 8. 

It is convenient to suppose, as plainly we may, that a(t) = 0 in an 
interval (0,7). We need a lemma. 

THEOREM 107. 1} a(t) 1s 0 in an interval (0, τ), and of bounded variation 
mn any interval (0, T'), and I(y) 1s convergent for y > 0, then, if p > q > 0, 


<0 /a 
[ =o) μα ( Τὴ 4 
t U 


0 y/p 
The integral for J(u) is uniformly convergent in any interval 


0<v<uc U,and a(t) = o(e*) for all positive «. If 0 < v < U, then 


OU I U0 οο 
| ALE = | ὅν [ eH da(t) 
U 
υ υ 0 
ου U ag ου d 
= ay — [οἱ |<< Ja 
0 0 v 
re ut___ p—Ut 
= f ana [ἐν fi ΄ κ(ὴ dt 
0 υ 0 
Finally, taking v = y/p, U = y/q, we obtain 


| alt) dt — {= om 


=f oto ae— [Sogn ar — f POA μαι 
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Passing to the proof of Theorem 105, we may suppose ἰ = 0. Since 
a(t) is slowly decreasing, and bounded in any finite interval of positive ἔ, 
we have | 
(7.10.1) ap) ὡ = 


for any fixed p and g with 0 <q < p and an appropriate Π. Since 
L(y) > 0, 

00 | y/q 
(7.10.2) | AP oA) το dt = Ϊ “(κω = o(log? = 0(1), 

0 y/p : 
for any fixed p and ᾳ with 0 «ῳ <p; and from (7.10.1) and (7.10.2) 
it follows, by Theorem 91a, that. | 


[ ease) ar — 0 


t 
Hence 
pT T 
(7.10.3) | au - [Pe a> 0 
aT i 0 


when 1' > oo. 

If a(t) does not tend to 0, there is a positive M such that one or 
other of the inequalities a(#) > M, a(t) < —WM is true for a sequence 
of values 7’ tending to oo. Let us suppose, for example, that the first 
inequality is true fort = 7. We take ῳ = 1, and choose p > 1 so that 
a(u)—a(v) > —4M for v > vo, 0 <u < pv. Then, for sufficiently large 
t = T, we have | 

a(u) >a(T)—$M >3M (T<u<pT); 
pT 


and therefore | | st du > $M log p, 


in contradiction to (7.10.3). 

Similarly (considering an interval to the left of a 7) we obtain a 
contradiction from a(7') < —WM, and the theorem follows. Finally we 
obtain Theorem 106 by supposing a(¢) an appropriate step-function. 


7.11. Another generalization of Theorem 98. We have so far 
proved our theorems in their simplest forms, ignoring the many 
generalizations which involve additional functions or parameters. We 
now illustrate these by an important extension of Theorem 98. We 


+ See § 6.2. 
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suppose throughout this section that ¢(x) is positive and increasing 
for x > x, and tends to infinity with xz; and that 


(7.11.1) ia x° L(x), 
where o > 0 and 


for every positive c. Thus x°(log x)’ is a possible form of 4(zx), for x > 2, 
ifo > 0, 7 real, or o = 0,7 > 0. 


THEOREM 108. If a(t) increases with t, I(y) = [ e-' da(t) 1s convergent 
for y > 0, and 


(7.11.3) L(y) ~ φί(ψ ἢ) 
when y — 0, then | 
p(t) 
7.11.4 a(t) ~ 
(7.11.4) O~ Reo 
when t > co. 


We suppose first that σ > 0, when the proof is a simple generalization 
of that of Theorem 98. We write 


σ-- 
pte) = [6 }΄ (0 <a «1) 
and use 


THEOREM 109. If g ery the conditions of Theorem 99, and o > 0, 
then there are polynomials p and P such that p <g < P and 


(7.11.5) [ {P(x)—p(x)}p(a) dx = [ e—to-1f P(e) —p(e~)} dt < eI(c).f 


THEOREM 110. If a(t) and I(y) satisfy the conditions of Theorem 108, 
and g(x) is of bounded variation in (0,1), then 


(7.11.6) xly) = | e-vg(e™) dat) 

exists for all positive y except those specified in Theorem 100, and 
] 

(7.11.7) xy) ~ rots | et2-l9(e-) dt 


when y -> 0 through any sequence free from these excepttonal values. 


- The proof of Theorem 109 isa straightforward generalization of that 
of Theorem 99, the changes necessitated by the presence of the weight 


+ As in § 7.6, integrals with respect to x, without limits, are over (0, 1), those with 
respect to ¢ over (0, οὐ). 
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function p(x) being almost trivial. If g is 1 in (a, 8) and 0 outside, cen | 
there is ἃ continuous / such that 


g<h, [ (h—g)p du « ε [ pdx = εΓ(σ), 


and a polynomial @ such that |Q—h| <e«. If P= Q-+e then g<x<h<P 
and 


J (P—-a)p dx < f (P—Q)p dx + [ |Q—hlp dx + [ (h—g)p de < 8εΓ(). 


Similarly we can determine p so that p < g and [ (g—p)p dx < ϑεΓ(σ), 
and the result (with θε for ε) follows. Thus the theorem is true for this 
g, and so for any finite step-function. 
The final stage of the proof needs a little elaboration. We write 
M = max|g|, and aia € and ξ' so thatO << é< ξ' <1 and 


(7.11.8) 2M j pdzt<cI(c), 2M Ϊ pdx < ἐΓ(ο). 
Z 


We can then find finite step-functions g, and g, such that 
—-MEn<9<9,<M 

: j ξ eI(c) 

in (ξ, €’) and J (9.—g,) dx < maxte(), pC 

from which it follows that 


" 
(7.11.9) [ (σ,---σιὺ)ρ da < εΓ(σ).Ἷ 
é 


If we define g, as —M and g, as M in (0, €) and (é’, 1), theng, - 9 <q, 
throughout (0,1), g.—g, < 2M, and | 
(7.11.10) [ (σς--σι)ρ dx < 3eI'(a), 


by (7.11.8) and (7.11.9). 
Finally, since g, and g, are finite step-functions, there are polynomials 
p and P such that «σι <g <g, < P and 


[ (P-gp de < Po), [,--})ρ de < (0). 


It then follows from (7.11.10) that [ (P—p)p dx < 5eI'(c), and this 
completes the proof of Theorem 109. 


T pis monotonic in (0, 1) and tends to infinity at one end or the other, except when 
σ -Ξ 1, 
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Passing to Theorem 110, we have 


| eue-nut da(t) = | ο΄“ νειν da(t) ~ + | 


= αν 9 [) = τ δ } ποτὰ 


for fixed n, when y > θ. From this it follows that 


(7.11.11) e¥'Q(e-M) da(t) ~ rit) { eto-1Q)(e-) dt 


for any polynomial Q. 
There are polynomials p and P such that 


p<g<P,  fe44{P(e+)—ple)} dt < <0), 
and a fortiort [ e-o-1{ P(e) —g(e~)} dt < eI'(o). 


Hence, if y -> oo in the manner prescribed in Theorems 100 and 110, 
ey | ] 
lim——_-— Ϊ ο-νίγ(ο- νῇ da(t) < lim ——— Ϊ οὐ P(e-V') da(t 
$(1/y) {2 Ἴθι $(1/y) a 


saa -4jo-1 P(e-t ] -σ-αρ(ο-ἰ 
=r] Ὁ t°-1P(e Jat <a [Ὁ t°-19(e—) dt +e. 
Similarly 


e-v'g(e-v) da(t) > —— = | ette-1g(e-) dt —e, 


| 
am πὴ fe T(o) 


and these two inequalities prove (7.11.7). 
We can now prove Theorem 108 (when o > 0). Choosing g as in the 
proof of Theorem 98, we obtain 


f e-vig(e-) da(t) = ἴω — = ἼΒ] 


πα σν. οὐαὶ ΞΘ Ὁ 
Ὁ t°-19(e )O= Te) t dt = Why 
0 


and the theorem follows from Theorem 110, since «(¢) increases with f. 
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The argument fails when o = 0 and ¢(y-!) = (γ᾽ ἢ) >. In this 
case we replace Theorem 110 by 


THEOREM 111. If a(t) increases with t, 
I(y) = [45 da(t) ~ 1), 
and g(x) is continuous in (0,1), then 


xy) = f ewale-m) ἀα(ἢ ~ Ψ[ΠἼ στ. 


Here | | e-vie—nut ἀα() ~ | πω 1), 
and ‘so | ε-υἱρ(ε- νὴ da(t) ~ 1) Q(1) 


for any polynomial Q. Since g is continuous, there are polynomials 
p, P such that p <g <P <p+e for0<24< 1. Then 


| e-vig(e-ut) da(t) < | e-utP(e-') da(t), 
ΕῚ 1 "Ξε -" 
lim aA e-vig(e—ut) da(t) 


ΝΕ ΡΠ" : 
<img | e-ul P(e) da(t) = P(1) <g(1)+e, 


1 
and similarl lim ——— | e-vig(e—v') da(t) > g(1)—e. 


This proves Theorem: 111. We pass to the proof of Theorem 108, 
with σ = 0. We cannot now choose g as in the proof of Theorem 98, 
that g being discontinuous. We take 


g(x) = AY -ιορ (6 = ἘΞ Γ᾿) 0 (0<x<e-), 


so that e~g(e-) is 1--ἰ|ἰ for 0<t < 1 and 0 fort > 1. This g is con- 
tinuous, so that, by Theorem 111, 


y Ϊ a(t) dt = fa da(t) ~ 1), 


(7.11.12) f a(t) dt ~~ xL (zx). 


0 
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It follows from (7.11.12) that 
x+da 
[ a(t) dt ~ (+82) [(α--δα) ~ (α-Ἐ δα) ΠῚ, 
στ δα ᾿ “δα 
[ a(t) dt ~ δα Γ(α), [ a(t) dt = 8xL(x)+-ofaL(zx)} 


if 5 > 0. Since a(t) increases with ¢ 
dxa(x) « daL(x)+ofxL(x)}, 


τ---- a(x) 
(71.11.18) im Fa) <1. 
στ δα 
Similarly [ a(t) dt ~ 8aL(a+8z) 
dxa(x+6x) > dx L(x-+-5x)+o0fxL(x+8z)}, 
, α(χ-Ἐ δα) 
(7.11.14 lima τ 3a) > 1. 


Finally, (7.11.13) and (7.11.14) show that a(x) ~ L(z). 


7.12. The method of Hardy and Littlewood. We insert here a 
short sketch of the method by which Hardy and Littlewood first proved 
Theorem 96. The method is less simple than Karamata’s, which we 
followed in §7.6, but depends on ideas which are interesting in them- 
selves. We begin by proving | 

THEOREM 112. If g(x) is differentiable for 0 < a <1, 9(x) ~ O(1—z)-*, 
where C > 0, a > 0, when x > 1, and g'(x) increases with x, then 

g (α) ~ Co(1—zx)-*-1, 
If x= 1—y, g(x) = Gy), then G(y) ~ Cy-* and —G'(y) increases 
as y decreases. We choose a positive 5 such that 
| (1—e)8a << 1—(1++8)-* < ((-[ δα. 
Then G(y)— Gy dy) ~ C{lL—(1+8) “Sy, 
and therefore 
G{y)— G(y+dy) > C(L—e){1—(1+8)-4y-* > C(1—e)Pady-* 
for sufficiently small y. But —G'(y) increases as y decreases, and 


therefore 
ν- δ 


—dyG'y) > [{--Θ 0} dt = Θῳ)--αἰψ-Ἐδν). 


Ἡ 
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Hence —dyG'(y) > C(1—e)?ady-* 
for sufficiently small-y, and 

lim{—y#1@"(y)} > Ca(1—e)?. 


Similarly the upper limit does not exceed Ca(1-++e)?, and the theorem 
follows. 
A simple corollary is 


THEOREM 113. Jf c, > 0 and 
g(x) = De,2"~ C(l—a)-* (C>0,a> 0), 


then g(x) ~ Ca(a+1)...(a+p—1)(1—2)-*-, 
for every positive integral p. 


Plainly g’(x) increases with x, so that g’(x) ~ Co({1—x)-*-1; and the 
argument may be repeated. 

From this point on we do no more than indicate the main lines of 
the proof. One preliminary remark will help to make it more readily 
intelligible. It follows from (7.5.1), by the simple argument used at 
the beginning of §7.8(ii), that s, = O(n); but the argument fails us as 
soon as we try to obtain a more precise result. The reason is, at bottom, 
that there is no such ‘peak’ in the sequence (2”) or (e-””) as would 
enable us to infer that the series is dominated by terms near a maximum 
term. We can, however, create such a peak artificially by p differentia- 
tions with respect to y. This replaces e~"Y (apart from sign) by n?e-", 
which has a maximum where n is about N = p/y. The maximum is 
about (p/ey)?, which increases rapidly with p, so that the peak is 
pronounced when Ὁ is large. Thus the fundamental idea of our proof 
will be that of differentiating a large number of tumes. 

Coming more to detail, we take C = 1, so that 


Ε 1 1. 
Σ 8,4. ν = > s, 2” =e > aga Ga ~ 

and, after Theorem 113, we may differentiate this relation any number 

of times with respect to y. We thus obtain 


(7.12.1) Σ nPs,,e- ~ (p+1)ly-P-? 
for every p. Now 
(7.12.2) Σ nPe- ~ ply-P-1, 


The terms of this series have a peak about where n = N, and decrease 
fairly rapidly on either side of it. It is therefore natural to suppose 
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(and is easily verified) that we can choose first a large p, and then an 
M depending on both p and y, so that M = o(N) and 
(7.12.3) ( > = > \nPe-nu < ep!y-P-} 

nx<N-M xn>N+M | 
for small y. Also s, — O(n), so that s, cannot behave violently, and | 
it is therefore natural to suppose also that we can make a similar 
reduction of the series (7.12.1). 

It will follow that we can choose, first p = p(e) and then 


Yo =Yo (DP, €) = ψοίε), 
so that 


N+M N4M 
(l—e) > nPs,e-Y <(p+l)!y-?* < (Ite) > n?s,e-/ 
N-M nM 
for y < y,(e). A fortiori, since s,, increases with n, we shall have 
NiM NiM 
(l—e)sy_y Σ nPe-™ < (p+l1)!y-?-? < (I+ e)syiy > nPe-™. 
N-M N-M 


It will then follow from (7.12.2) and (7.12.3) that 
(1—2e)sy_yp < (ptl)yt < (1+ 2€)syiny 
for large enough p and small enough y. Finally, since 
NAM~N~ py", 
it will follow that sy ~~ N. 

There is a good deal of detail to be added, but it is mostly a matter 
of routine; and the proof, though admittedly less simple than Kara- 
mata’s, should not be found difficult when once the ideas underlying 
it have been understood. 


7.13. The ‘high indices’ theorem. If X,,,,/A, > 1 or, what is the 


same thing, if 


(7.13.1) ope ν 


Tr 
(7.13.2) A, = Ο(μ,): 
and S(y) = Da,e¥ > s, then >a, = s. This is a special case of 
Theorem 103, and we stated in Theorem 104 that the result is true 


without the restriction (7.13.1). 
A particularly interesting case is that in which A, increases sufficiently 


rapidly and regularly to make 
(7.13.3) Ana > An; 


where c > 1 (as, for example, when A, = 2”). Then p, lies between 
(c—1)/c and 1, so that (7.13.2) reduces to a,, = O(1). Thus in this case 
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the theorem asserts that the series is convergent whenever its terms 
are bounded. This assertion, however, does not contain the full truth, 
which is that, when A,, satisfies (7.13.3), then no restriction on a,, is 
necessary. 

THEOREM 114. 7} X, ne | (7.13.3), and S(y) > 8, then > a, con- 
verges to 8. 

We may suppose A, > 0. The kernel of the proof lies in that of the 
lemma which follows. 

THEOREM 115. If A,, satisfies (7.13.3), Ay > 0, 


N 
7) = fry) = ΩΝ 
and \f(y)| <H for y > 0, then iia 
la,| < CH, | 
where C' = C(c) depends only on c. 


R : 
Suppose that P(y) = > p,e-", 
r=0 


where ν, is positive and increases with r. Then 


N N R R 
Fly) = Σ dn Ῥίλι 3) = Σ ας Σ Prerrny = & Prflv,¥), 
and therefore 
R 
(7.13.4) [F(y)| < ΗΣ |prl- 
We take, in particular, 
Ply) = {ply)}* = {4(2-4—2-v) A, 

Then p(y) is 0 for y = 0, increases to a maximum 1 at y = 1, and then 
decreases to 0. It is O(y) for small, and O(y-) for large y, so that the 


series des © 
S= Spe, 8 = Σ ale" 


are convergent. Also 


(7.13.5) S pl = (α Ἐμὲ = 8 


Suppose now that a,, is the a, (or one of the a,) whose modulus is 


an 
nana bY 


vo HL 
La mcg 


> lanl(1— Σ {ple-)}*— Σ (le9}?), 
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since 4,,.,/A, = ¢ and p(y) decreases as we move away from 1 in either 
direction. Also 


Σ {p(e")}¥ < {p(e}HFRI8, = {p(e*)}®¥ < {p(o)}*-18’, 


each of which decreases as R increases and tends to 0 when Roo. 
We can therefore choose an R= R(c) for which > {p(e-*)}* < 2, 


> {p(cr)}*® <4, 
(7.13.7) \F(V/An)| 25 [α, [(1--- ὦ--Ζ) = ὁ]α, ]: 
It now follows from (7.13.4), (7.13.5), and (7.13.7) that 
\Qn| < 2.886. 
This proves Theorem 115, but we need its extension to infinite series. 
THEOREM 116. The result of Theorem 115 1s true for an infinite serves 
fly) = > a," convergent for all positive y. 


We choose a particular n, say, ἢ = m, and a positive «. Then the 
series for f(y--«) converges uniformly for y > 0, and we can choose 
N = N(m,«) > m so that 


Ι Σ anemeedy| < [fly )l-te < Η τε 


for y > 0. Hence |a,,e-’~€| < C(H+e), and the result follows when 
e—> 0. 

It is now easy to prove Theorem 114. Since S(y) >s when y > 0, 
there is a ὃ = δ(ε) such that | S(y)—S(y’)| < « when y and y’ both lie 
in (0, 28). Since S(y) is continuous for y > ὃ, and S(y) > 0 when y > οὐ, 
there is an 7 = η(ε, δ) = η(ε) such that 0 < η « ὃ and 


(7.13.8) |S(y)—Sy+n)| « ε 


for y > ὃ; and this is true also for 0 << y « ὃ, since then y and ψ- 
both lie in (0, 26). Hence (7.13.8) is true for y > 0. Since 


S(y)—S(y+n) = > a,(1—e*2J ey, 
it follows from Theorem 116 that 
| lan|(L—e-*"1) < Ce 


for all n, and so that |a,| < 2Ce for large n. Hence a, = o(1). But 
then a, = ο(μ,), because of (7.13.3), and the conclusion follows from 
Theorem 89. 
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NOTES ON CHAPTER VII 


§ 7.1. A great deal has been written about Tauberian theorems during the last 
thirty years, and the literature is rather confusing, since almost every theorem 
carries a number of variants, analogues, and generalizations, and it is often 
difficult to trace a proof, or even an explicit statement, of the precise theorem 
which one may need. We confine ourselves here to theorems of ‘power series 
type’, i.e. theorems associated with the exponential kernel ον, and to the 
sunmplest and most striking among them. 

Our treatment of the subject in this chapter is based mainly on the work of 
Hardy and Littlewood and of Karamata. We return to it in Ch. XII, where we 
adopt the more general point of view of Wiener. There is a clear account of the 
fundamental theorems in Widder’s ch. 5. The following list of papers may be 
useful :— ᾿ 

Ananda Rau [1], JEMS, 3 (1928), 200-5; [2], PLMS (2), 30 (1930), 367-72; 
[3], RP, 54 (1929), 455-61; 

Bosanquet [4], JLMS, 19 (1944), 161-8; 

Doetsch [5], MA, 82 (1921), 68-82; 

Hardy and Littlewood [6], PEMS (2), 11 (1912), 411-78; [7], ibid. 13 (1913), 
174-91; [8], ibid. 25 (1926), 219-36; [9], ibid. 30 (1930), 23-37; [10], MM, 43 
(1914), 134-47; 

Ingham [11], OQJ, 8 (1937), 1-7; 

Karamata [12], MZ, 32 (1930), 319-20; [13], ibid. 33 (1931), 294-300; [14], JM, 
164 (1931), 27-40; | 

Landau [15], Monatshefte fiir Math. 18 (1907), 8-28; [16], RP, 35 (1913), 265-76; 

Littlewood [17], PLMS (2), 9 (1910), 434-48; 

Rajagopal [18], Math. Gazette, 30 (1946), 272-6: 

R. Schmidt [19], MZ, 22 (1925), 89-152; 

Szész [20], Miinchener Sitzungsberichte (1929), 325-40; [21], TAMS, 39 (1936), 
117-30; 

Tauber [22], Monatshefte fiir Math. 8 (1897), 273-7; 

Titchmarsh [23], PLMS (2), 26 (1927), 185-200; 

Vijayaraghavan [24], JLMS, 1 (1926), 113-20; [25], ibid. 2 (1927), 215-22. 


The list is not complete, and does not include papers based on Wiener’s ideas. 

δ 7.2. Tauber [22]. The integral analogue, for the more general integral 
J $(yt)a(t) dt, where ¢’(t) is bounded, 4(0) = 1, and J |(2)| dt convergent, was 
proved by Hardy, T'CPS, 21 (1910), 427-51 (432). 

§ 7.3. Tauber [22]. The form of Theorem 88, with Stieltjes integrals, is that 
in which it is proved by Widder, 187, Theorem 3b. 

§ 7.4. Theorem 89 was proved by Landau [15]. 

§ 7.5. Theorem 90 was proved, and Theorem 92 stated, by Littlewood [17]. 
The remaining theorems are due to Hardy and Littlewood [7]: all of them are 
proved in more general forms. There are generalizations for Dirichlet’s series 
>, α, 6.5» in [10]. 

§7.6. Theorem 98 was proved by Szész [20]: it is the case y = 1 of Widder’s 
Theorem 4.3 (192). The proof here, based on Theorems 99 and 100, is sub- 
stantially that of Karamata [14]. Theorem 96a was first proved explicitly (with ᾿ 
a change of variable) by Doetsch [5]: see also Hardy and Littlewood [9] and 
Titchmarsh [23]. Doetsch also proves theorems equivalent to 91a and 94a. 
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§ 7.1. The first explicit proof of Theorem 101, in the form given here, seems 
to be that of Landau, Ergebnisse, 58. The theorem is stated and used by Hardy 
and Littlewood, [7] and [10]. The less general form in which f’(y) = O(y~?) 1s 
included in Theorem 2 of [6] (420). 

Theorem 102 is a slight generalization of Widder’s Theorem 4.5 (195): he has 
Blt) = t. | 

Theorem 103 is proved by Hardy and Littlewood [10]. The example showing 
the necessity of the condition (7.7.12) is due to Ananda Rau [2]. 

When A,, satisfies (7.7.12), Theorem 104 becomes the main theorem of Little- 
wood [17]. Littlewood says there that it is true without the restriction (7.7.12), 
but the first published proof of this is that of Ananda Rau [1]. We may complete 
the proof as follows. 

We suppose a) = 0. Then, first, if 


(1) Ay = Of{(An—An_1)/An}> 
we have 
(2) ΣΣ And = Of Sn —An-a)} = OA) 


Secondly, by Theorem 88 [0], (2), together with S(y) — 8, implies 
A(x) = > a, = O(1). 
ApS 


Next Sly) = Layer = [ e-vt dA(t) = y [ A(t)e~ dt, 


since A(0) = 0, and so [ {A+ dy ~ ἘΞ 


for any H. Choosing H so that A(t)+H > 0, and applying Theorem 96a, we find 
that 


t t 
{ {A(@u) +H} du ~ (6- ΗΝ, [ Alu) du ~ st. 
0 0 


Finally, the conclusion follows from Theorem 67. This form of the proof is due 
to Bosanquet. 

Szdsz (20, 21] proved that > a, converges to 8 if S(y) > 8 and a, satisfies both 
(7.7.13) and (a)lima, > 0. This theorem includes Theorem 103, since (7.7.13) 
implies (a) when ,, satisfies (7.7.12), and also the theorem referred to in the 
note on § 6.1. 

Dr. Bosanquet has pointed out to me that (as was suggested to him by Mr. 
Ingham) (7.7.13) and S(y) - 8 imply | 


Σ a, = 8 (Β,λ, κ) 


for every positive x; and Rajagopal [18] has proved this explicitly for x = 1. 
Both Bosanquet and Rajagopal use a result of Szdsz [20], and Bosanquet also 
uses the theorem of Riesz for (R,A,«) summability which corresponds to 
Theorem 70. 

Szész [20] and Ananda Rau [3] have proved that if > a,e~**” κω να, where 
a > Oanda, > 0, then A,, necessarily satisfies (7.7.12). 

8 7.10. Theorem 105 was proved by Szasz [21]: it includes his theorem referred 
to under §7.7. The method used in this section is that referred to at the end of 
‘Hardy and Littlewood [9]. 

§7.11. The proof is substantially that of Karamata [14]. 
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§ 7.12. The technique of repeated differentiation was used first by Littlewood 
in [17]. 

§ 7.13. Theorem 114 was conjectured by Littlewood in [17], and proved by 
Hardy and Littlewood in [8]. The proof given here, which is much shorter, is 
due to Ingham [11]. Ingham proves a good deal more, in particular that, when 

An41/An—> ©, the limits of indetermination of s,, when n— 00, are the same as 
those of S(y) when y— 0. 

Bosanquet [4] has proved a theorem which includes both of Thoorsins 104 

and 114, viz. that S(y) > 8 and 

lim lim Max [μι Ἐ-.--Ἐσρ} = Ὁ 

BF πτϑοῦ Ag<Am<(1+5)An 
imply > a, = 8. Szdsz [21] had proved the corresponding theorem for (R, A, 1) 
summability. 
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VIII 
THE METHODS OF EULER AND BOREL (1) 


8.1. Introduction. In this and the next chapter we study more 
systematically a group of methods of which the most important are 
the E and B methods defined in §§ 1.3, 4.6, and 4.12-13. The definitions 
which we consider differ widely in form, and might seem at first sight 
unlikely to have much in common; but the relations between them turn 
out to be much closer than might have been expected. In particular 
the Tauberian theorems associated with them are essentially the same. 


8.2. The (E,qg) method. We begin with a generalization of the 
definition of §§ 1.3 and 4.6. Suppose that the series > a, x"+1 converges 
to f(x) for small z, that g > 0, and that 


8.2.1 ἢξ εις, .::9...} ἜΣ ae 
oe αν’ Fae 


so that y = (1+q)-! when x = 1. Then, for small x and y, 


(8.2.2) f(x) = S me ve = Σ ᾿ Σ αν ων 
= 


n=0 Mm=n 


ῬῈΣ (Manna, = Σ ἀρ yyy, 


n 
where 
] ΤᾺ (γι 
(ᾳ). . m—n 
(8.2.3) ay = Gry. Σ An)? An: 
If 
(8.2.4) Ya® = A 


then we say that >a, is summable (E,q) to sum A. For ῳ = 1 the 
definition reduces to Euler’s definition of §§1.3 and 4.6, and for g = 0 
to that of ordinary convergence. 

If a,, = 2”, then 


ῳ-. (9+2)™ @ —_1 _(;_9+2\*_ 1 

ὅς (ᾳφ- 1)’ Σ om 4-1 ᾿ q+l 1—z 

if and only if |g+z| <q+1. Thus > 2515 summable (ΕἸ, 4) in the circle 
whose centre is —q and whose radius is 4- 1. The circle increases with 
q, and tends to the half-plane Rz < 1 wheng—oo. We saw in §§ 4.12-13 | 
that this is the region of B, or B’, summability of the series. 


8.2] THE METHODS OF EULER AND BOREL (1) 179 


We may write (8.2.3) as 


(8.2.5) (q+l)™ ay? = (q+ E)"do, 
where Καὶ is defined as in §4.6. Also 
g+2x (q+ax)™ Ν 1 7 (q+1)™+1—(q+-x)™+1 
cei trip t tgp τ φείγκη [=a 
nw m-- 1 m+1—n 2 n-1 
= Gus 2 Ja +1-n(] +o¢+a?+...tar-t), 


Hence, writing Κα for x, and observing that 


(1+ H+... H"")a, = a)+0,+...+4,-1 = An-1 


we obtain 


(8.2.6) A@ -- Σ ΕΞ Lait Ceara a ΓΕἸς (q+H)™ cael 


ᾳ-1 (4-Ὁ 1) (ἡ ΕἸΠῈ 
1 m+l1\ κα m+1\ .κ.. 
= gatpaT rset" rst 


There is a slight lack of symmetry in this formula which is incon- 
venient and will lead us to modify it in § 8.3. 

We call A@ = > a the g-th Euler transform of A = > a,. The 
formal relation between the two series is defined by 


Ya,a ταὶς a{(q+ Ly} = San, α--- 


1 Ἐα-- κ᾽ 
8.3. Simple properties of the (E,g) method. We must first prove 
THEOREM 117. The (E,q) method is regular. 

For, in the notation of § 3.2, 

sates 1 wee 
mh (φ- ΕἸ). η.-Ἐ 

Cmn > 9, and Σ Cnn = 1-(¢q+1)-™-1g™*1 > 1 when m >. 


Theorem 117 is the particular case q’ = 0 of 


_ »0 (n<™m), Cnn = 0 (n>), 


THEOREM 118. If a series 1s summable (E,q’), and q > q’, then it is 
summable (E,q) to the same sum. 


This plainly follows from Theorem 117 and 


THEOREM 119. The r-th Euler transform of the q-th Euler transform of 
a series is the (q+r-+4qr)-th Euler transform of the series. 


For x = 2/(1+q—gz) and z = w/(1+r—rw) imply 


Ww 


== Te 3—sw’ oo q+r+qr. 
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It follows from Theorem 118 that, as qg increases, the (E, 4) methods form 
a scale of increasing strength.t 

THEOREM 120. The (E, q) method has the properties (α)--- (δ) of Theorem 
40. 

We need only consider (y) and (δ). We have to show the equivalence 
of the two assertions 
(8.3.1) Sa = A, (8.3.2) Σ 69 = A—ay, 
where b,, = @,,,. We may suppose a) = 0, so that B, = 4,,,. Then, 
after (8.2.6), 


1 1 I 
aes ἘΝ, mat Σ Patt Ames) 
and so 
(8.3.3) 
1 
BY—APY = ane ἢ Jas τυ μα, = (φ- 1)α(8) 1. 


(i) If (8.3.1) is true, then αἰ), > 0, and (8.3.2) follows from (8.3.3). 
(11) We may write (8.3.3) as 
BY = (¢+1)4®,.—94®, 
and it follows, since A‘ = 0, that 


@+YAR,, = BR +2 BY +.+( LY" By. 
This is a transformation 
AM, — > Cm,n Bo 
with Cnn =O" "(q+1)-m™" 1 (n < m), O(n > m), 
and we can verify at once that the conditions of Theorem 2 are satisfied. 
Hence (8.3.2) and (8.3.3) imply A‘, , > A, which is (8.3.1). 
It follows from Theorem 120 that A, >A (E,q) is equivalent to 
A,412A (E,gq), and so to 
eral mitt (™) Ayton) >A, 
Hence, changing m-+1 into m, we may replace AW > A by 
AD — gaia κάνε (ot i++ Aah + A; 
and it is usually most convenient to define the ‘Euler mean’ of A,, in 
this way. We may say that A, > A (E,q) if 


(q) _. 1 = M)\ m—n _ q+h\™ 
(8.3.4) Αἴ τι PAP Ja 4, = (LES A, >A. 


Τ᾿ The example of the series & z” shows that no two (E, g) methods are equivalent. 
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If then we write s, and t, for A, and AM, we have 


(8.3.5) A”, = S 1") = S (Ἐπ᾿ 
mean = 


Ν g+ h\™ ms 1--- #\™ τὰ 1 τ 
=( aa vr [πι| δ = Gyno 


an equation whose full significance will appear in Ch. XI. 

THEOREM 121. If > ας is summable (E,q), then a, = of{(2q+ 1)"}. 

It follows from (8.2.4) that (q+1)a = 0(1), and so, from (8.2.5), 
that 

(q+ Ey"ay = of(g+1)"}. 
Also a, = E"ay = (E+q—q)"dp, and therefore 


a, = oft yr+(Tlala+ I++") = of(2+1)%. 


The example of the series > 2”, which is summable (E, 4) for 
—2q—-l<z<]l, 


shows that we cannot replace 2¢+-1 by any smaller number. 


8.4. The formal relations between Euler’s and Borel’s 
methods. We saw in ὃ 8.2 that the region of (E,q) summability of 
> 2” tends to its region of Borel summability when g -> 0; and this 
suggests that Borel’s method may be regarded as in some sense a 
limiting case of Euler’s. We shall make this connexion more precise 
later (Theorem 128); but it may be worth while to show here how it 
harmonizes with the formal ideas of §§ 4.18 and 8.3. 

If we write m/zx for q in (8.3.4), we obtain 


28 (A) EP ae EP Ὁ ΘΟ oer 


ott 1 \a? ] 2\x3 
= [ ἘΣ) ote + (1— 25 Aa (12) (1—2)F yt 
] 2 m—I1\x™ 
say. Then lim lim ¢(m,2z) = lim 4,,, 


lim lim ¢(m,x) = lim eo AL 
x00 ~m—0o χ--ροῦ n! 
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The first way of proceeding to the limit leads to ordinary convergence, 
the second to Borel’s exponential method of summation (§4.12). The 
various Euler methods correspond to the limit process m = 47 --Ὁ ©. 


8.5. Borel’s methods. Borel’s exponential and integral methods 
were defined in §§4.12-13. If 


rd 
65 Σ Α,.--.--5» 4 
n! 


we say that 4, -» A (B), and if 


[“Σ 9 = dx = lim mf “Σοξ mde = A 


we say that A, > A (Β΄). The ποίου are of quite different types, the 
first being an ‘integral function’ definition in the sense of ὃ 4.12, with 
J(x) = e*, and the second a ‘moment method’ in the sense of ὃ 4.15, 
with p, = n!, x(x) = 1—e-*; but the special properties of the ex- 
ponential function make them all but equivalent. First, however, we 
observe 
THEOREM 122. The B and Β΄ methods are regular. 
This is a corollary of Theorem 33 (for B) and of Theorem 34 (for Β΄). 
We now consider the relations between the two methods: we shall 
find that they are nearly, but not quite, equivalent. We write 


x” x” 
(8.5.1) a(x) = > Mn: A(x) = > Ans. 
If one series is convergent for all x, then so is the other. Also 
a” ! a” 
(8.5.2) α΄) -- Sana, Ae) = > Anu 
(8.5.3) [ ea’ dt = e~*a(x)—ag+ { e-‘a(t) dt, 
0 0 


(8.5.4) e-*A(x)—ady = | Set (0)} dt = { ef A'(t)—A(t)} dt 


x : CO jn =f Ε © jn τῷ ae 
_ [- ΧΟ ΓΝ fe ΧΙ ΩΝ fe ‘a’ (t) dt 
0 0 0 


and hence, comparing (8.5.3) and (8.5.4), 


(8.5.5) et A(x) = e~*a(x)+ f etal dt. 
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The last equation gives 

THEOREM 123. The B and B’ methods are ee uf and only if 
e~7a(x) > 0. 

We can, however, go farther. It follows from (8.5.5) that, if 


f eta dt = φ(α), 


0 
then e-*A(x) = d(x)+¢'(z). If 6-+¢’ > A then, by Theorem 53, ¢’ > 0 
and φ-» A. Hence we deduce 
THEOREM 124. A series summable (B) 1s summable (Β΄) to the same sum. 
The converse is false. If 
a, = 5 


᾿ς (229- 1} ᾿ 
then 


a(x) = > sein = οὔ βίη e*, 
οο i+) © 
| e~*a(x) dx = | sin οἷ dx = {= ace du, 
0 0 1 
but e~*a(x) does not tend to 0, so that the series > a, is not summable 


(B). Thus we have 
THEOREM 125. There are series summable (Β΄) but not summable (B). 


Next, we observe 
THEOREM 126. The assertions 
Agt+a,+a.+... == A (B), a,+a,+a;+... = A—d, (B’) 

are equivalent. 

THEOREM 127. The B and B’ methods possess the properties (x), (B), 
and (y) of Theorem 40, but not the property (8). 

Theorem 126 follows from (8.5.4), and Theorem 127 from Theorems 
124, 125, and 126. 


We conclude this section with the theorem to which we referred in 
§ 8.4. 


THEOREM 128. Jf > a, is summable (E, q), then ἐξ 1s summable (B) or 
(B’) to the same sum. 


For em 2 4,5. er -> 4,5 = > nr 


Cn ea. Tu x 
a τ ΤΥ ΣΝ os ae Sg 
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so that c, = (¢+1)"A™, in the notation of (8.3.4). Hence 
οἷ 1) Ὁ 
e-*4 (a) = ετῷ > 4, — ο΄ (ατὴα Σ A 6 } 


If > a, is summable (E,q) to A, then AM — A, and so e-*A(z) > A, 
by Theorem 122. Thus the series is summable (B), and a fortior 
summable (B’). 


8.6. Normal, absolute, and regular summability. If 
Ap tApiytApiet:.. 


is summable (B) for every p, in which case, after Theorem 124, it is 
also summable (B’) for every p, and conversely, by Theorem 126, then 
we shall say that > a, is normally summable. For this, it is necessary 
and sufficient that > a, should be summable and that 


“7 
6- αι Φ) (χ) = οτῷ Σ anin— -ῦ. 
n 


If Borel’s integral is absolutely convergent, we shall say that > a, 
is absolutely summable. If the series a,-++a,,,+... is absolutely sum- 
mable for every 7, i.e. if | e-* lax) | dx < οὐ for every p, then we shall 
say that >a, is regularly summable. Our language here differs from 
that of Borel, who defines absolute summability as we have defined 
regular summability. In any case the definitions will not be very 
important here. 

: (1 +4)"+1 

The series > nara 


is normally but not absolutely summable. Its sum is 


| eam dt = a 2 ‘dt +4 sf an 


0 0 


8.7. Abelian theorems for Borel summability. Our next theo- 
rems are ‘Abelian’: they belong to the class typified by Abel’s theorem 
on the continuity of power series. Here, and throughout the rest of the 
chapter, we work primarily in terms of summability (B’): the transition 
to summability (B), when desirable, is easily effected by means of 
Theorem 126. _ 


THEOREM 129. If a power series > a, 2" is summable (B’) at a point P, 
then it is summable at every point of the stretch OP from the origin to P. 
If Q is a point on OP between O and P, then the series 1s uniformly 
summable on QP. 
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It is not assumed that the series has a circle of convergence. We 
may suppose (making a trivial transformation) that P is the point 
z= 1. Then the integral 
(8.7.1) J(z) = { ea(zt) dt 


is convergent for z= 1, and we have to prove it convergent for 
0 <z<_1 and uniformly convergent for0 - 5<z< 1. Now 


(8.7.2) I= : { e-tha(t) dt = τ 


say, when 0 «χ - 1; and 
(8.7.3) K(z) = [ eMe~a(t) dt = is), 8 = τι 
This integral is uniformly convergent for 8 > 0, i.e. for 0 << z< 1, and 
therefore J(z) converges as stated in the theorem. 

Theorem 129 does not state the full truth; actually, J(z) converges 
uniformly for 0<z< 1. The argument above fails to prove this 
because of the factor z—} in (8.7.2). 


THEOREM 130. Jf > a,,2" 1s summable (Β΄) at P, then it is uniformly 
summable on OP. 

We may again suppose that P is z = 1; and it is also convenient to 
suppose, as plainly we may, that a, is real. We have to prove that 

HI 

| e—a(zt) dt 
H 
for H’ > Η > He) and 0 <z<.1. Since Theorem 129 proves uniform 
convergence over (4,1), we may suppose 0 <z< 4. There are three 
cases to consider, according as (a) H’z <1, (δ) Hz <1< H’z, or 
(c) Hz >1. We state the argument for case (δ), the arguments in the 
other cases being simpler variants. We may suppose H > 2. 

We write 


(8.7.4) Z| = |I(z,H, H’)| = <e 


T 


M = Max|a(t)|, N = Max [ eat) it 
0<t<1 T>1| ¥ 


Then 
1/2 H’ 
(8.7.5) I= | e-a(zt) dt ++ [ ea(2t) dt = +h, 
H : 1/2 
(8.7.6) ILi<M | edt = Me-#, 
H 


Hz H'z 


T 
= : | eq (t) dt = : | e—Stea(t) dt = - | e—a(t) dt, 
1 1 1 
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where 8 = z-!_land1 « 1 < H’z. Hence 
(8.7.7) [to] = ~exp(I - < Tents < NHe4, 


since 0<2<4,2<H < 1/2, and ue-™ decreases for u > 2. From 
(8.7.5). -(8.7.7) it follows that 
1 < Me-#+NHe-4 <e 
for H > H,(e). 
As an application of Theorem 130 we prove 
THEOREM 131. If > ας, 1s summable (B’), and 


1 
(8.7.8) Cy = [ a" dy(x), 
0 


where x(x) 1s bounded and increases with x, then ¥ cya, 18 summable (B’). 
For, if 6, = cy, @,, then 


in in 1 1 
b(t) = > by = > a= | ody = [συλ dy, 
0 0 


co 


1 cO 
—th(t)dt = [ dy [ ea(tx) de, 
᾿Ξ (t) de J ax Je a(t) dt 


because the inner integral on the right is uniformly convergent for 0 < ὦ < 1. 


THEOREM 132. If > a, 2" 1s summable (Β΄) at P, then its sum on OP 
is an analytic function of z regular inside the circle C described on OP as 
diameter. 


We may again suppose that P is z= 1. The series is summable on 
OP, and its sum is given, for 0 < z < 1, by (8.7.2). It is sufficient to 
prove that K(z) converges uniformly in the region D bounded by any 
two circular arcs from O to P making acute angles 7 with OP. We write 

| 5 --- γθ gs = 2z-1_] = pet 
and use the formula (8.7.3). Since k(s) is convergent for s = 0, it is 
uniformly convergent in the angle [φ| < 7. The arms of this angle 
correspond to the circular arcs which bound D, and its interior to the 
interior of D. Hence K(z) is uniformly convergent in D. 

It will be observed that the transformation from (8.7.1) to (8.7.2) presupposes 
the reality of z. Thus, although we have proved that J(z) is regular inside C, 


we have not proved the series summable except on OP; and we shall see later 
(§ 8.9) that it is not necessarily summable at any other point of C. 


8.8. Analytic continuation of a function regular at the origin: 
the polygon of summability. Ifthe series δ᾽ a,,2” has a circle of con- 
vergence, it defines a function regular at the origin, and the integrals 
J(z) and K(z) of §8.7 may be used to find representations of this 
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function valid outside the circle. We can define the region of con- 
vergence of J(z) in terms of the singularities of the function. — 


The function f(z) = (c—2z) 3 = S12" 


is regular except at z = 6, or P, and its circle of convergence is |z| = [6]. 
In this case 
J(z) = c7} [ e—ale) dt 


is convergent if and only if R(z/c) <1, ie. if 2 and the origin lie on 
the same side of the line Lp through P perpendicular to OP. If 


nn 

Lt Cy —% 
and z = c,, is P,,, then z must lie on the same side as the origin of all 
the lines Lp,. The region thus defined is the inside of a convex polygon, 
which may be closed or open and may reduce to an angle, strip, or 
half-plane. The series is summable ‘inside’ this polygon. Cauchy’s 
integral formula, which is a generalization of (8.8.1), suggests that there 
may be a corresponding result for an arbitrary analytic function regular 
at the origin. | 

We suppose then that f(z) = Σ᾽ α, 2. is regular at O, that P is a 
singular point of f(z), and S the set of all points P. We define III or II(f) 
as the set of all points Q such that Ὁ and O lie on the same side of 
every Lp, Γ as the set of frontier points of II, and ΠΗ as the part of 
the plane complementary to II+I’. We call [ the Borel polygon of ἢ, 
Π its interior, and II* its exterior; and we shall prove that II is the 
region of summability of > a, 25) in the sense that the series is summable 
at all points of II and is not summable at any point of II*. 

If f(z) = (1—z?)-1, then Τ' is formed by the two lines = +1 and II is the 
strip between them. If the circle of convergence is a barrier of singularities, 
Τ' coincides with it. If z = ἃ > 0 is a barrier of singularities, and f(z) is regular 
to the left of this line, then I’ is the parabola which touches the line at ὦ and 
has O as focus. 

It follows at once from Theorem 132 that the series is not summable 
at any point Q of II*. For, if Q belongs to ΠΡ, there is a line Lp passing 
between O and Q, and the corresponding P lies inside the circle C. 
It remains to prove that the series is summable at points of II. 

Suppose that f(w) is regular in and on a closed curve K surrounding 
the origin in the u-plane, and that 


(8.8.2) R(z/u) << 1-8 <1 
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for all points u on K (in which case z necessarily lies inside K ). Then 


(3.8.3) fea (fn, ae LO) ay | o-tHtelu αἱ, 


ἐπὶ U—z ὩΣ Ont 
K 


The repeated integral is majorized by 
= | f(u) ||}de| ε--δί dt. 
Qa 


ΜΩ͂Ν 
We may therefore fageet the integrations; and we obtain 


ag lt (fu) 7 
(8.8.4) f(z) = | e“dt— | A“ e#l4 du = | eI (t,z) dt, 
| ani | U | 


say. Since f(w) is regular inside K, and e“/“ regular except at the origin, 
we can calculate [(é,z) by contracting K into a curve K’ inside the circle 
of convergence of f(u). The power series for f(u) and ἰδία are uniformly 
convergent on K’, and so 


ae! 1 ftz\"du _ (tz)” 
2) = 95 | Daw > 5) oD egy = He) 
e 


Hence — 7(2) = i e—‘a(tz) dt, 


1.6. > a, 2” is summable to f(z). 

It remains to show that, ‘if z is in II, we can draw Καὶ so as to 
satisfy our conditions. If Q is a point of II, then f(z) is regular inside 
the circle C described on OQ as diameter; for, if there were a singular 
point P inside C, the corresponding Lp would pass between O and Q. 
Further, since there are points Q’ of II on OQ beyond Q, and f(z) is 
regular at O, it is regular on a slightly larger concentric circle C’ inter- 
secting OY in Ο' and Q’. If z is at Q and u at a point A of C’, then 
R(z/u) < 1 if @ and O lie on the same side of the line through A per- 
pendicular to OA. The envelope of these lines, when A runs round C’, 
is an ellipse whose foci are O and Q and whose major axis is 0’Q’: C’ is 
the ‘auxiliary circle’ of the ellipse, which is flat when O’ is near to O, 
but always includes O@ in its interior. Also R(z/u) <1 for all u on C’, 
and therefore, since R(z/w) is continuous, (8.8.2) is satisfied, with an 
appropriate δ, for all wu on C’. It follows that, when z is at Q, we can 
take C” as the curve K of our argument, and therefore that the series 
is summable at Y. Thus it is summable at any point of II. 

Our argument actually proves rather more. The repeated integral 
(8.8.3) is absolutely convergent; and therefore (8.8.4) is absolutely con- 
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vergent, so that the series is absolutely summable at Q. Also the 
function f,(z) = a,2?+a,,,2+!+... satisfies the same conditions of 
regularity as f(z), so that all the series α, 2?+ ... are absolutely summable. 
Hence > a, 27: is regularly summable at Q. 

It is also plain that the whole argument works uniformly for all z in 
any closed region interior to II, so that the series is uniformly summable 
in any such region. 

Summing up, we have proved 


THEOREM 133. The power series representing a function regular at the 
origin 1s summable (B’) inside the Borel polygon of the function, regularly, 
and uniformly throughout any closed region interior to the polygon; and 
18 not summable at any point outside the polygon. 


In particular we have 


THEOREM 134. A power series is summable (Β΄) at any regular point 
on its circle of convergence, and uniformly summable in some neighbour- 
hood of any such point. 


We may plainly substitute B for B’ in these theorems. 


8.9. Series representing functions with a singular point at the origin. 
The analysis of § 8.8 rests throughout on the assumption that the series > ἀν δ" 
converges for small z. When this is not true, the series may still be summable 
for certain z, and give a complete or partial representation of an analytic function; 
but the region or regions of summability may have very diverse characters, and 
the sums in different regions may represent different functions. In all cases, 
however, after Theorem 130, a region of summability which includes a point P 
must include all of the line OP. 

The two examples which follow are interesting. 

(1) If the series is 


2! 4! 
1:0-τὶ #+0+5,24+0—... ; 
then a(zt) = e-**#, and the sum is 
(8.9.1) J(z) = [ ent e8t αἱ, 


If z = re“, then the integral converges in the quadrant —}a < 6 < dir and its 
image with respect to the origin. If z = x = 1(ξ > 0, then 


ου co ἐξ 
90) = ξ [ et du = gett? [ e dy = get*( vm — fe“ av) = F(é), 
0 ἐξ 0 
say, an integral function of ξ. Thus J(z) = F(1/z) for |argz| < ξζπ. Also J(z) is 
even, so that J(z) = F(—1/z) in the opposite quadrant; and these two functions 


differ by πὲχ 1614 Thus the series represents different analytic functions in 
its two regions of summability. 
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| (—1)? 
(2) Suppose that ay, = > HB p*c?, 


where c > 0. Then 


a(zt) = we Σ = prc? 


n! Ῥ» 
and J (z) -Ξ- [ΕΣ dt — ἃ ἀλλά sin yt) dt. 


If x < 0 then J(z) converges for all y, but if x > 0 it converges for y = 0 only. — 
Thus the series is summable (1) in the half-plane x < 0, and (2) on the positive 
real axis. 

Let us first suppose z real. Then 


co 


f° 6] 
d 
J(z) = [ e-t-ce# ἀξ --: crow 
0 1 
Putting u* = v and Z = —1/z, we find that J(z) is P(Z) or Q(Z), where 


ου 1 : 
P(Z) = --Ζ [ e-Z-1dy, QZ)=Z [ e-eyZ- dy, 
1 0 


according as z > 0 or z < 0. Here P(Z) is an integral function of Ζ; and 
Q(Z) = T(Z+1)e-%4P(Z) 

if RZ > 0, so that Q(Z) defines a function analytic and meromorphic all over 
the plane. The two functions represented by the series differ by T(Z+1)c~4. 

This example is particularly interesting as an illustration of Theorems 130 and 
132. If P is a point on the positive real axis, then the series is uniformly sum- 
mable on OP, and is regular inside the circle C of Theorem 132, but it is not 
summable at any point in C except points on the axis. In this sense Theorem 130 
states the most that is true. 


8.10. Analytic continuation by other methods. The principles 
used in § 8.8 may be applied to other methods of summation. The most 
interesting for this purpose are those which, like Lindelof’s and Mittag- 
Leffler’s methods of §4.11, sum > 25 in its Mittag-Leffler star. We con- 
sider, generally, a method P of summation in which > a, is defined as 


(8.10.1) lima > A,(8)a,, 
+0 
where A,(5) - 1, when ὃ > 0, for every n. Thus 
A,(8)=1, An (8) = e-Sn!°8" (n> 0), 
for Lindeldf’s, and A,(8) = {I['(1-+-6n)}-1 for Mittag-Leffler’s method. 
THEOREM 135. Suppose that (i) > A,,(8)z" is an integral function of z, 
for every positive δ; (ii) that 


φ5(5) = > A, (δ) > — 
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when ὃ -> 0, uniformly in any closed and bounded region containing no 
point of the line (1,00); (iii) that f(z) is the principal branch of an analytic 
function regular at O and represented by > a,,2" for small z. Then 


Σ 4, (δ)α, 2” > f(z) 
untformly in any closed and bounded region A interior to the Mittag-Leffler 
star of f(z). 

We may suppose that A is star-shaped, i.e. that if it includes P then 
it includes every point of OP. We can expand A about the origin, in 
a ratio p > 1, into a region A’ still lying in the star of f(z). If K is the 
boundary of A’, and z is inside A, then z/w is not on (1,00) for any u 


of K, and " (2 _ as 
ian on K. Hence 
fe) = mi | IO) du = ἃ J fim g5(2 ως 


ΝΣ ΡΠ 109, 
K 


Contracting K into a contour inside the circle of convergence of f(x), 
as in ὃ 8.8, substituting the power series for f(u), and integrating term 


by term, we obtain 
f(z) = lim > A,,(8)a,,2”. 
-»0 


It is plain that the argument works uniformly for z of A. Methods such 
as these give better results in this problem than Borel’s, but Borel’s 
method is much more manageable, owing to the simple formal properties 
of the exponential function and series. 


8.11. The summability of certain asymptotic series. It has been 
proved by Borel and Carleman that there are analytic functions corre- 
sponding to arbitrary asymptotic series (ὃ 2.5). More precisely, given 
any sequence (a,) and any positive «, there are functions f(z) = f(re*®) 
ee ee ΠΩ) ~ aytayz1+0,2-*+..., 
when r 00, uniformly in the angle [0] < απ. If B > 0 and 2ka < 1, 
then r%e-2 -» 0 for every n, uniformly in the angle. Thus all the 
functions f(z)-+Ae-2“ have the same asymptotic expansion in the angle. 

The situation is changed if we adopt more precise hypotheses con- 
cerning the error-term of the expansion. It may then be possible to 
prove that there is at most one f(z) which satisfies the conditions, and 
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that f(z) is in some sense, for example Borel’s, the sum of the series. 
We show this by proving a theorem of Watson. 
We denote the region 


r>k>0, --ἰπ--μςθ « grt, 
where 0 <A < in, 0 <p < ἐπ, by D(A, p,k), and its boundary by 
C(A, μ, 1); the latter is formed by part of a circle whose centre is the 
origin and parts of two radii from the origin to infinity in the negative 
half-plane. Usually A and yp will be equal. 
THEOREM 136. Suppose that f(z) is regular in D(A, A, k), for a given λ and 
k, that σ > 0, and that 


(8.11.1) f(z) = A+a,271+...$4,2-°+ R, (2); 

where 

(8.11.2) a, = O(n!o”), n= Of(n+1)!o"ttr-™-}}, 

uniformly for all n and for z in D(A,A,k). Then (i) the series 
t” 

(8.11.3) > a, = a(t) 


where t = pet, is convergent for p < 1{σ; (ii) the function a(t) is regular 
in any angle [φ] <6 <A; 


I u\ ev 
ao _ 1 u\er 1 
(111) a(t) a {7 - “Ὁ, 
Σ 
where L is acontour C(v,v,l) with Ο <v<Aand 1 > k/c, described from 


below; and 
(iv) f(z) = | τ [6 dw 
0 

forr >k, |@| <8. | 

The last clause of the theorem asserts that > ὦ, 2.7 1s summapble, to 
f(z), by an extension of Borel’s method which is often useful. If (a) the 
series (8.11.3) is convergent for small ἐ, (6) the function a(t) defined 
by the series is regular on (0, 00), and (6) [ ο-ἰα() dt = 8, then we 58} 
say that > a, is summable (B*) to 8. Thus here > a,2-” is summable 
(B*) to f(2). 

As another example, if a, = (—1)"n!z", and z 15 not real and negative, then 
a(t) = (1+2t)-1 and : 

ge 
1-- I!z+2!2?—... = Ϊ ΠΕ’ νὼ (B*). 

This is the sum found heuristically in § 2.4. 


If the inequalities (8.11.2) are true for every positive o, then a(t) is an integral 
function, and B* reduces to B’. 
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Passing to the proof of Theorem 136, (i) is obvious from (8.11.2). 
Next, suppose that ἐ = pe’?, p< 1/co. Then, replacing f(u/t) by its 
asymptotic nti we have formally 


1 ο" t 
L 
and we have to — the term-by-term integration. If ὦ describes L 
then μέ describes C(v—¢, v+¢, l/p), which lies inside D(A, A, k) if 
(8.11.5) L>k/o > kp, lp] < λ--ν. 


Then f(u/t) is bounded on L, and the integrals in (8.11.4) are convergent. 
We now write the integral (8.11.4) in the form 


= . 1 εὑ lL fp {1λ6"2 = im ΠΡ 
(8.11.6) > anaes | ga uta | Bale] at = Σ Oni t Pe 
= L L 


=0 


say, and find an upper bound for |P,| for large n. We may suppose 
n>I>k/o. Since Καὶ, (2) is regular inside D(A, A,k), we may increase 
the radius of the circular part of L from! ton. Then the Sonebubion 
of the circular part is 

Of(n-+1)! (op)"He™n-"-3} = Ofnt(op)"4}, 
and that of the rectilinear parts is 


οο 


τἀ == O{(n-+1)! (ap)*+4n-"-? | e-rsiny dr 
0 


of (m+ 1)! (op) 


n 


n41 
= of Seg") = oer 
Thus P,—> 0, and (8.11.6) gives (8.11.4), subject to the conditions — 
(8.11.5). | 
Suppose now that ¢ varies in any region 7' defined by |¢| < ὃ < A, 
0 <p, <p <pzg. Then we can choose v and / so that the conditions 
(8.11.5) are satisfied for all ¢ of 7’, and the integral (8.11.4) is then 
uniformly convergent in 7’, so that it defines a function a(t) regular 
in 7. We have thus proved (ii) and (iii). 
If w is positive, z = re®, r > k, [0] <5, and t = w/z = pe*?, then 


[φ] < ὃ, so that 
w 1 uz\ e% 
4 ΤΙ (=) = a. 
L 


4780 ' Oo 
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When wu describes LZ, v = uz/w describes C(v-+6, v—6, l/p) or L’, and 


ΓΕ 


We choose r, so that k « r, <r. Since l/p > k/(op) > k, we may 


replace { by L, = C(v+6, ν--θ, 71). 
We have then 


[“πξλω- forte, [19 


= 5h = Lay | eto dw = 5 1 Fo) = fe), 


‘provided that we may invert the integrations; and this is so if the 
double integral is absolutely convergent. We consider the circular and 
rectilinear parts of L, separately. On the circular part 

R(1—v/z) > 1—7,/r > 0, 
so that its contribution is majorized by a multiple of [ [νυ[-1 |dv| < 2π. 
On the upper rectilinear part 


am —~ =amu = $r-+, “(2 = —W kd sin ν, 
Z Ζ Ζ 
so that its contribution is majorized by a multiple of 
fe dio [ ὁ. "μον ον Alcs 5: 68 «ο; 
[Ὁ] J [ol [|-υ] βίαν 


and the lower rectilinear part may be dealt with similarly. Thus the 
double integral is absolutely convergent, and this completes the proof 
of the theorem. 

Theorem 136 shows incidentally that at most one f(z) can satisfy 
(8.11.1) and (8.11.2). But if we are concerned only with the uniqueness 
of f(z), then we can prove more, and without reference to the theory 
of summability. We need only suppose that f(z) satisfies (8.11.1) and 
(8.11.2) in the angle |6| < 47, instead of the larger region of Theorem 
136. If f,(z) and f,(z) both satisfy (8.11.1) and (8.11.2) for [0] < ἐπ, and 
g(z) = fi(z)—f,(z), then 

Ig(z)| = Of(n-+-1)lonttr—n—t} 
uniformly in n and 9. We take n = [r/c], and a simple application of 
Stirling’s theorem shows that |g(z)| = Ofe-@-5/1 for every positive ὃ 
and [0] < ἔπ. It follows, from familiar theorems of the Phragmén- 
Lindelof type, that g(z) = 0. 
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Carleman has gone much farther, and found a necessary and sufficient 
condition that 


[9(4)} Kor” (γ 5.9» 0, 6] < $n) 
should imply g(z) = 0. For suitably regular α,,, the condition is the diver- 
gence of > «,, 1. In our case this is effectively the harmonic series > 2-1. 


It will be observed that we prove the summability of the series in an angle 
smaller (by 77) than that in which it is supposed to represent f(z) asymptotically. 
The example of § 8.9(1), with 1/z for z, shows that this is a real limitation corre- 
sponding to the facts of the case. There a(t) = e~”, and the integral 


f(z) = | erie dt 
converges if |@| < }7 but not if j7 < [0] < 3x. If z is positive, 


J(z) =z | e- usu dy, — > a | eu? du 


= fevr Se το = ἀχνπ Ey — 42) 
T(1+4p) ap ae 
where £,(z) is Mittag-Leffler’s function. It is known that f(z) has the asymptotic 
expansion 
211  4!1 
~ Uta? 2: 5 

for [0] < 37, so that the series is asymptotic in an angle greater by 7 than that 
in which it is summable. We could enlarge the angle of validity of the integral 
representation of f(z) by taking it along a line making an angle with the real axis. 


NOTES ON CHAPTER VIIT 


§§ 8.2-4. The first systematic account of the (Εἰ, 4) methods was given by Knopp, 
MZ, 15 (1922), 226-53, and 18 (1923), 125-56; and much of the argument of these 
sections is modelled on his. In particular Theorems 117—21 are Knopp’s. 

The (E,1) method, and those derived from it by iteration, had been used 
frequently before, especially for purposes of numerical computation. Examples 
will be found in Bromwich, 62-6 and 196-8. 

There are some passages in the first edition of Bromwich (302-10) which may 
seem at first to contradict some of the assertions here and in § 8.5. The explana- 
tion is that Bromwich, when he applies ‘Euler’s method’ to power series, does 
not use the right definition. According to our definition > a,2" is defined by 


40 )+4(9 +0, 2) +4(A9+.20, 2- 422") +.... 


Bromwich, in effect, uses the ome 


Ay+Q,2+0_27+... +(@y9 +4) ———3-+( Ag+ 2a, +z) αξεπῖ"- 


ἡδέα. τὸ: τς ῃ = fal 7 
valid for small z, and then defines the first sum by means of the second. This is 
a definition of an entirely different type, since it is not linear in dp, a1 2, @,2’,...; 
and the odd results to which it leads show that it is not a happy one. Thus 
Bromwich finds that > 3525 is summable inside the circle on (— 1, $) as diameter, 
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but that ¥ 2-"2" is summable outside the circle on ($, 2) as diameter, so that 
the region of summability does not include all the circle of convergence. 

We add a remark concerning the calculations of Euler and Lacroix referred to 
in § 2.6. No Euler transform of 1—1!4+2!—3!+... is convergent, and it may 
seem remarkable that the method should have been applied to such a series 
successfully. We may, however, explain Euler’s success as follows. If we write 
a, = (—1)®n! = (—1)"4, and 


2 gptljpop_y 
An=ZSoqo tno = Jett dt, — ony = [ etende (p > 0), 
6 Ὁ 2P42P—-1_y 
then it is easily verified that > (—1)"a,y,p is summable (EB, 2?t!— 1) to 
2 gPptltop—4 
δ΄ as air: 
1+¢ " Ϊ 1+é 
0 2P+oP—-1_4 
for p = 0 and p > 0 respectively; and if we add the results we obtain 
εὐ 
| 1+¢ ὧν 


in agreement with the B* sum found in ὃ 8.11. 
The remainders after N+-1 terms in the appropriate Euler transforms are 
. (.--ἡν τι 1 ee (Q7+1_1—4)N+1 
= —i—t 
= | -t 2 
a | ss 1+¢ dt, 9(P+1)(N-+1) cr 1+¢ Ξ 
2»-2Ρ---Ἰ 

which are Ο(2-Ν-1ὺ, O(e-*?2-N-1) respectively; and the Euler sums of the series 
are O(e-2”2”). Thus the error in taking only the first N+ 1 terms of the first ἢ 
series, and ignoring the rest, is 

O(2-N-1) + O(e-2?+12-P-1), 
If, for example, we take N = 10, P = 2, we can easily prove that the error is 
less than -001. 

This is naturally not quite what Euler does, and it would not be a convenient 
process; but Euler’s process of reiterated transformation is roughly equivalent. 

§ 8.5. Borel’s earliest writings on divergent series, in his ‘Mémoire sur les séries 
divergentes’ [A HN (3), 16 (1899), 9-136] and the first edition of his book, contain 
a number of oversights corrected later by Hardy [7 ΟΡ 5, 19 (1903), 297-321, and 
QJM, 35 (1903), 22-66]. Here Hardy proves Theorems 122-7: these were 
rediscovered, with more concise proofs, by Perron, MZ, 6 (1920), 158-60 and 
286-310. Sannia, RP, 42 (1917), 303-22, has extended the theorems in various 
directions. 

Knopp, 1.6. under ὃ 3.7, observes that, since 


Ho 


+...) = [τ "συν Ary +.) dy, 
0 


“3 
12) 


the B kernel of 0-++-a,+4,+... is included in that of ag+a,+.... He gives a further 
generalization in RP, 54 (1930), 331-4. 

Theorem 128 is due to Knopp, l.c. under §§ 8.2- 4. 

§ 8.6. Hardy, 1.6. under § 8.5, gives an example of a convergent series which 
is not absolutely summable. 


e*(4.0 +4 
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§§ 8.7-8. The contents of these sections, except Theorem 130 and its corollary 
Theorem 131, are substantially Borel’s. Theorem 130 was proved by Hardy, MM, 
40 (1911), 161—5: the proof here is due to Landau, AM, 42 (1920), 95-8. 

The region of (ΕἸ, 4) summability of f(z) may be determined similarly. If ζ is 
the first singular point of f(z) on a radius from O, and Οἷς is the circle 


lao+z| < (φ- 1)}ζ], 
then the region is the set of points interior to all Οἷς. It tends to the Borel polygon 
II when ᾳ--» oo. In particular (1) the series is summable (Εἰ, 4), for some q, at all 
points inside II, and (2) it is summable (Εἰ, 4), for all g > 0, at any regular point 
on the circle of convergence. For all this see Knopp, l.c., and Rademacher, 
Sttzungsberichte d. Berliner Math. Ges. 21 (1922), 16-24. 
Perron, MZ, 18 (1923), 157-72, has generalized Euler’s method as follows. If 


Ym => 9, Lm = 1, F(z) = Σ γε 1, 

Σ b,2+! is the result of developing > a,{#(z)}"*1 in powers of z, and > b,, con- 
verges to A, then we say that > a, = A(F). The method is regular, and succeeds 
at every regular point on the circle of convergence. The (Εἰ, g) method corresponds 
to F(z) = z/(¢+1— gz). : 

ὃ 8.9. Hardy, MM, 43 (1913), 22-4. 

§ 8.10. The Shree most elegant representations of (1—z)— in its Mittag-Leffler 
star, ν]Ζ. 


i ΤᾺ Ἐξη) sn τ ω- δηϊοσ ngn : Σ 2" 
ὩΣ εν ἀμ NZ τες, 
all lead, after Theorem 135, to representations of a general f(z). The first is due 
to Le Roy, AT (2), 2 (1900), 317-430 (323), and the second to Lindeléf, J. de M. 
(5), 9 (1903), 213-21. The third is mentioned by Mittag-Leffler in his address to 
the fourth international congress (Rome, 1908: see Atti del IV Congresso Internaz. 
i. 67-85). In his series of memoirs published in AM between 1899 and 1904 he 


uses the pee 
= t (¢ -Ξ | E(t dt 
τς [Ὁ Τ' Π ΤΠ απ) = 6 t alt 2) > 


which is valid in the open region containing the origin and bounded by the curve 


-ϑ' 


where --ἀαπ < 6 < fan if O<a< 2 and —7 <@<7 if a> 2. The proof 
depends on the asymptotic properties of E,(z). The region tends to the star if 
a - 0, but Mittag-Leffler does not, in these papers, give any simple formula valid 
throughout the star. 

The behaviour of Mittag-Leffler’s function 


fe) = BL) = > yap 


for large z = re’, where --π < 6 < 7, ἜΝ be determined as follows. We have 
eens 
T(an+1) πὶ 
where u = pe'?, μετ" = e—«"log4, log ὦ has its principal value, and the contour C 
leaves the origin on its left and goes to infinity at each end in the left-hand half 


=a οἴ απ-1 du, 
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of the plane. We consider two positions of C. In the first, Οὐ» it is formed by 
parts of the circle p = 1 and the radii [φ| = $7+8 > ἀπ. In the second, Οἱ, it is 
everywhere at a distance from the origin greater than (27r)/*, so that all zeros of 
u*—z lie to its left. Then | 


eeu a 
7) -- τ ΕΣ (= ue ae arf ae 


and hence, by Cauchy’s aoe, 


fle) = 55 | Sau + SR = 1e)+ Σ Re 
Co 
where the &, are the residues of the integrand at the poles, if any, which lie 
between C, and Οἱ. If 5 is chosen so that no pole lies on Οὐ» and is sufficiently 
small, then these poles are given by ὦ = ri/%e(Ot+2km)/«, where k runs through 
integers satisfying 


(1) —tanr < 042kr < fan; 
and aR, = exp{rilaei(s+2km/a} 
is one of the values of εὐ, Now 
1 (* ue ulP—l)a uP er 
I(z) = One 2 ay eee 2p τ 2P(u*—z) U 6" du 
Co : 
p _ ᾿ 
=~ D> ramet oe) 
m=1 
1 Pate Tew.) ( 1 ) 
where R,(z) = 5712} | ene ae = O ΤΩΣ 
9 ; 
for large z. Thus J(z) has the asymptotic expansion 
gol “--2 
(2) I(z)~ “Ta a) ΓΤ -ῇ 


We must now distinguish the cases a < 2,a > 2. Ifa = 2then f(z) = cosh vz, 
and tends to infinity in any direction except that of the negative real axis. 

(1) If 0 <a < 2 and απ < |6| <7, then there is no k satisfying (1). In 
this case E,(z) has the asymptotic expansion (2). If, on the other hand, [0] < jaz, 
then we have to take account of the exponential term Ry, and 
(3) oH ,(2) ~ οἷ 
when z — οὐ in the angle [0] < ἐαπ. 

(2) Τα > 2 then we have always to take account of at least one exponential 
term. The modulus of such a term is 


~ ΣΡ (4 “cos 


> 


0+) 


and this is larger for k = 0 than for any other relevant k, except when θ = 7. 
Thus (3) holds for all θ except 6 = 7. When θ = π᾿ there are two terms of equal 
importance, with k = 0 and k = —1. These combine to give 


νὼ = (exper! seit) + exp(rilse—iml)} = * exp(r cos™)cos( re sin ‘), 


and Καὶ (2) behaves approximately like this function. 
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Wiman, AM, 29 (1905), 217-34, has shown that all the zeros of H(z) are real 
when « > 2, and all but a finite number in any case. 

We may also use the integral representation of E,(z) to prove that, as was 
stated in ὃ 4.11, > z" is summable (M) to (1—z)~! throughout its Mittag-Leffler 
star. For if 0 < |θ] < π, and « is sufficiently small, then [θ-- 2ζπ| > 4az for all 
integral k. Hence 


] ] ev /{ ut ] 1 2 e“ l—us 
Hae) = oe Ϊ sag) = mi Tz | ΠΡ arte 
round Οὐ» and this tends to 0 with « for all z of the star, and uniformly in any 
closed and bounded region interior to the star. 

§ 8.11. Watson, PT RS (A), 211 (1912), 279-313. See also F. Nevanlinna, ASF, 
12 (1916), no. 3, and Carleman, Les fonctions quasi-analytiques (Paris, 1926), ch. 5. 
The *Phragmén-Lindeléf’ theorems required will be found in Titchmarsh, Theory 
of functions, 176 et seq. 


IX 
THE METHODS OF EULER AND BOREL (2) 


9.1. Some elementary lemmas. In this chapter we shall be 
concerned primarily with Tauberian theorems for Borel and Euler 
summability. We begin with three elementary theorems concerning the 
exponential and binomial series, on which much of our later work will 
depend. Their content is familiar. 


THEOREM 137. Suppose that x > 0 and 
m 
(9.1.1) Up = Up (t) = ee (m = 0,1, 2,...), 


so that } u, = 1. Then 


(1) the largest u,, 18 Uy, where 


(9.1.2) M = [1], 

two terms, Uy_, and Ux, being equal when x is an integer; 
(2) af 

(9.1.3) m= M+h 

and 0 <6 < l, then 

9.1.4 = Ἦν ha 

(9.1.4) woatin = O18), 

where y = 45°; | 
(3) if | 

(9.1.5) £<l <i, 

then 

(9.1.6) > au. Ole"); 

jal >at 


where ἡ 1s any number less than 2¢—1; 
(4) of A > 0, then 


9.1.7 Un <€; 
(9.1.7) ΨΩ 


for x  χρί(ε), A > λρίε); 
(5) if |h| < τὲ then 


(9.1.8) Um = le yeni ο[ 6652). ο{{|}} 


where 
(9.1.9) c= 4; 
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(6) the estimates (9.1.4) and (9.1.6) remain valid tf u,, 18 multiplred 
by any fixed power of m. 
THEOREM 138. Suppose that q > 0 and 


(9.1.10) ty = μρι(η) = (G+ a (a (0<m<n), 


ΤῊ = (q+1)-" > (“\gn—m = 1. 
80 that > u,, = (¢+1) Σ (ra Then 
(1) the largest u,, 18 Uy, where 


(9.1.11) M = sil 
q+1 


two terms, Uy_4 and Uy, being equal when (n+1)/(q+1) 18 an integer; 
(2) clauses (2)-(6) of Theorem 137 hold with 


. 4:1 
9.1.12 ay Ὁ δὲν 


some positive y = γίᾳ, δ) tn clause (2), and n in the place of x. 
THEOREM 139. Suppose that0 <k << land 


(9.1.13) thy, = Up (n) = gene (m > n), 
so that 
SiS μαβ ει ὴ)ᾳα--ἢ +E (12+... ἐξ 


Then (1) the largest u,, 18 Uy, where 

(9.1.14) M = [n/k], 

two terms, Uy_, and Uy, being equal uf n/k 1s an integer; 
(2) clauses (2)-(6) of Theorem 137 hold with 


pe ΡΣ 
— 9(1--ἰ)᾽ 


some positive y = y(k,5) in clause (2), and n in the place of x. 


(9.1.15) 


We shall prove Theorems 137 and 139, which are the most impor- 
tant for our present purposes. The proof of Theorem 138 is like that of 
Theorem 139, only a little simpler. 


9.2. Proof of Theorem 137. The first clause of the theorem is 
obvious because 4,,/U,,-1 == x/m. 


{ We do not assign a definite value to γ in this case. 
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Next, we divide > u,, or > μι, into the five pieces 


eet) Σ + Σ a 2 arp ee 


M<h<-—8e —82<h<—zx' ae 

κοι ας sae S$ = G,48,45,48,+8, 

= 5+ 5, eee ἘΣ ΩΝ m= Aas τὰ iT aT ἊΝ ar 
(x being large enough to aes a$ < δι). Then 
(9.2.2) 

= [5] -ἰ[δῳ], M, = [x]—[x*], M, -- [5] «ἢ, M, = [2] -[δα]. 
It is plain that 

(9.2.3) SS, = O(ruy,), S, = O(xuy,), Sy = O(xuyy,). 
Also M,+2 > x+62, and so 


x x 
024) Sm tell ea ORR aGE aT" 
1 1 
- ἀμ Ἐπ τς Ἐππαῖ = O(uy,). 


Hence, in order to prove clause (2) of the theorem, it is enough to prove 
that 


(9.2.5) Uy, = O(e-”*), Uy, = O(e-7*). 

Now Uy. = ete < ε-τἰμῳ © - 

‘My ~~ Μ,! M, 
and %—dx—1 < M, = [x]—[8x] < «---δα. -ΕἸ. 
Hence : Ξ 
4... —dz od a = —dz a ee ae -Δ 

(9.2.6) ty, = Ole (—=-41 Ofe τῆς — O(e-4#), 
where 
(9.2.7) A = 8—(1—8)log — Ξε Ὁ gt. > 38 

ie - γι δ 1.2°2.3 

Similarly 
(9.2.8) uy, = Ole={_* | = O(e-4’2) 

ar ᾿ς [τ " ᾿ 
where 
(9.2.9) A’ = —8+(1+8)log(1-48) = δε as es δὶ 

Ἢ: ὃ ὅ 1.82 3.8 8.4. , 


It follows from (9.2.6)--(θ.2.9) that (9.2.5) is true, with y = 482. This 
proves (9.1.4). 
We could prove (9.1.6) similarly, but it is shorter to base it on (9.1.8), 
which we have to prove in any case. For this, we write 
a=Mif (0<f<1, m=M+h, 
log u,, = —x+(M+A)log x—log [(\M+h+1), 
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and approximate to log I'(M-+h-+1) by the formula 
log P(y+1) = (y+4)log y—y+$ log 27+ Oy). 


A simple calculation gives 
2 3 
log u,, = —4log an M — ιν δ 61: or} + 


Since |h| = o(z), |h|? = o(z®), this is equivalent to (9.1.8). Also, since 
_ 7 he fe h? h? 
M-*—z-* = O(x-4), exr( sr a ἘΞ exp{O(5}| = 1+0(5), 


we can replace Mf by 1 in (9.1.8) if we prefer to. 

It is plain from (9.1.8) that uy, and τ, are O(e-*”): ἢ may be any 
number less than 2¢—1. It follows that S, and S, are O(e-*"); and this 
proves clause (3) of the theorem. 

As regards clause (4), the sum is 

- : λ hs = 
Ofe-# Sew 424 Bhs ope-on, 
Ave<h<at aa os 
and the first term here is 


Ofe- if eee dt + 4-4 fe οτ δα dt +a-4 i eH 2x48 at. 


Awa vx Av 
The last two terms are O(x-*), and the first is 


ο( [eke ave) 
A 
which is small for large λ. 


There remains clause (6). It is plain that, when Um, 18 replaced by 
m*u,,, our estimates of S,, S,, and S, are affected only by a power of z, 
and that these sums are still of the orders required. The same is true 
of uy,; and 


ὅς = a 


3K y2 | 


Ξαὴ usr oe 3 BF IGF 3) 


< (2M, Fused yey 2 O(xEuy,,). 


rtapet} = 
Thus 8; also is of the order required, and this completes the proof. 


Tt We must write |h|+-1, not |A|, in the first error term, in order to include h = 0. 


204 THE METHODS OF EULER AND BOREL (2) [Chap. IX 


9.3. Proof of Theorem 139. The first clause of the theorem follows 
from 


at ea 9 ἢ; 


The remainder of the proof follows the same lines as that of Theorem 
137, though the calculations required are a little more elaborate. 
We divide > u,, again into five pieces: M,,... are now 


m= [8]- ἰδ, ἀρ - [F]—o, ας -- Σ] τιμῇ 


M, = Η -[δη]: 
we may suppose ὃ < k-1—]1. ΑΒ in 89.2, 
S, = O(nuy,), S, = O(nuy,), S, = O(nuy,). 
Also M,+2 > n(k-!-++8), and so 


U. m 1+k6 ks 
Un. a 2 [eke a 1—k+kéd δι, 


say, if m > M,+1, and 
5. < Uyy,{1+ (1—8,) +(1—-8,)?-+...} = O(uy,)- 
Thus we have to prove, as in §9.2, that τ, and wy, are O(e-”") and 


that wy, and uy, are O(e-”"). 


oO 


We have [n+l > [π]α-- γα = 


m=n 


for every | between 0 and 1, and so 


k n+1 1---ᾧ m—n 
— n+if™ —. f° \m—-nr a as 
tm = e(Sa—prm < (7) (FS 


If m = M+[6n], this is O(0"), where 


. B\ 1f/k—-1+8 
9 -- a0) = τ ἢ ee 


——E 


1--ἰ 
Now 6(l) is 1 when I = k, tends to infinity when J > 0 or 1 > 1, and 
has a single minimum given by / = k/(148). Also 
9.4) = £8/(1—k) τέ 0. 
It follows that 6(l) assumes values less than 1 for values of / on one 


side or the other of 1 = k (according to the ambiguous sign). Hence we 
can certainly choose /so that θ <1, and thus uy, and uy, are O(e-Y"). 
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This disposes of S, and S,. We now suppose [ἢ] < n, write 
n 


μι -- [ἢ] --ἴ- @<s<), m= Mth, 


log u,, = (n+ 1)log k++ (m—n)log(1—k) + log '(m+1)—log P'(n+-1)— 
—log '(m—n-+1), 
and approximate again by Stirling’s theorem. We find that 
h?k? 
2(1—k)n 


3 
+o (Ὁ 
and this is equivalent to (9.1.8), with the c of (9.1.15) and the UM of 


(9.1.14). The rest of the proof does not differ materially from that of 
Theorem 137. 


log Um = —} log 27n+log k—}1log(1—k) — 


9.4. Another elementary lemma. We shall also use another 
elementary lemma. Here sums without limits run over —o <h < o. 


THEOREM 140. errs | [το 


when n -> 00, uniformly in any finite interval of positive c. 
For the series is 1-+2S, where 


ΡΞ οο ω ΜῈ 1 
s= > e-ch*in — [ ο- οὐ dt 4+ > | (e-ch*/n___@—e#/n) dt 
2 i τὰ 


1 
:1 ner) —cl*|n 
-L(s)-femast 
0 


say. The integral here is less than 1. Also 
t 


po ee |e ἘΞ: 2c = [x uence in du Pcie at = (¢— lje-ct-b'in 
n 
h 
for 2 <h<t< h-+1, and is less than 1 in any case; so that 


T <1+ Ξ ((---1)6-τού ται dt = 3 
1 


- We could obtain a much more precise result by using the formula 


> e—ch*|n — J > eW~mh*nic 
Cc 
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9.5. Ostrowski’s theorem on over-convergence. A famous 
theorem of Hadamard asserts that if > 6,,2*™ is an integral power series 
with a finite radius of convergence, and ¢(m+1) > cd(m), wherec > 1, 
then every point on the circle of convergence is a singular point of the 
function represented by the series. The condition on ¢(m) has been 
generalized widely, Fabry having shown that it is sufficient to assume 
that m-'¢(m) 00. Here, however, we are concerned with a generaliza- 
tion in a different direction due to Ostrowski, which Zygmund has 
shown to be deducible from theorems concerning Borel summability. 

We say that a power series > a, 2” has a gap (n,,n;,) if a, = Ο for 
Ny <n < Ny. 


THEOREM 141. Suppose that X>0. Then there is a number 
ὃ = δ(λ) > 0 such that, if 

(i) Σ᾽ α,,. 25 has an infinity of gaps (n,,,) for which 
(9.5.1) n/N, = 1+A> 1, 

(ii) A, = ao+a,+...$a, = O{(1+8)"}, 

(iii) Σ᾽ a, 1s summable (B) to sum A, then 

Ay => A 

Given A, we can choose € > 0 so that 
(9.5.2) 1—é > (1+A)-+, 1: « (1+4A)}, 
and then 6 so that 
(9.5.3) 0<6 <é, 5 <o 


We write 
(1+é)x 


cade = | > 4 Ῥ > ἘΞ  - παρέα, 


πςᾳ--δὲ (4-ὲ on > (14+) 
where P = P(€,5),.... If 


= _ €+6 2 π᾿ 
ψ τ (δ), η- iis “- 1, (1--η-ὃ) = 1—€, 
then ds (ξ, δ) = ὀδαρτα-ὸς ae — οδαρ-ν v 
n<(i—fye ἤ᾿ ncaa! 
-- O(ede-tn'v) — __ (+8)? ! 
= O(e%-in'v) O(oxp [δε 3|:.-δ) ; 


by Theorem 137 (9.1.4); and R(€,5) has a similar bound with €—6 in 
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place of +5. Hence P>0, R>O if ¢ and δ satisfy (9.5.3). In 
particular this is true when ὃ = 0; and, since 


P(E, 0)+ O(€, 0)+ R(E, 0) = 1, 
it follows that 


(9.5.4) Q(é, 0) > 1. 


We now fix a ἔ and a ὃ > 0 satisfying (9.5.2) and (9.5.3), so that 
ξ = ξ(λ), δ = δ(λ), take 


(9.5.5) x = a/(ny,;), 
write 


e-*A(x) = e-* > A, = ἐπ 


(τ 8)e ἤ / c 

n<(l—£)xn  (1—-£)x n>(1+é)e 
and suppose that (ii) is true with our choice of ὃ. Then P’ and R’ are 
majorized by multiples of P and R, so that P’>0, R’>0; and 
therefore, by (iii), 
(9.5.6) Q’ > lime-*A(x) = A. 
But 

(1. ---ξ > vied > Ny; (1+£é)x < J{(1+A)n, 2} < nj, 
by (9.5.1), (9.5.2), and (9.5.5), so that every 4, in Q’ is A,,. Thus 
(9.5.6) is A,,, Ο(ξ, 0) > A, and therefore, by (9.5.4), A,, > A. 

We can easily deduce Ostrowski’s and Hadamard’s theorems. 


THEOREM 142. If > a, 2” has an infinity of gaps satisfying (9.5.1), and 
ats sum f(z) 18 regular at a point z, on the circle of convergence, then the 
partial sums s,,(z) converge for z = 2, and uniformly in a neighbourhood 
Of z = 2p. 


We may suppose 29 = 1. Then A, = O{(1+8)"} for every positive δ. 
Also > a, 25) is summable (B) for z = 1, by Theorem 134, and uniformly 
summable in a neighbourhood of z = 1, so that (9.5.6) holds uniformly 
in the neighbourhood. Thus the conclusion follows from Theorem 141. 

Hadamard’s theorem is a corollary of Ostrowski’s. We may suppose 
the radius of convergence to be 1, and it is enough to prove that z = 1 
is a singular point. If we write the series as > a, 2”, then a,, = 0 except 
when x is of the form ¢(m), and every term whose coefficient is not 0 
is the beginning and end of gaps satisfying (9.5.1). If z= 1 were a 
regular point, then the series would converge at points outside the circle 
of convergence; and therefore z = 1 is singular. 
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9.6. Tauberian theorems for Borel summability. We pass to 
the principal topic of the chapter. Our main purpose in this section 
and the next is to prove the theorem concerning Borel summability 
which corresponds to Tauber’s Theorem 85, viz. 

THEOREM 143. If >} a, = A (B) and 
(9.6.1) A, == 0(n-*), 
then > a, converges to A. 

Actually we shall prove a good deal more. Later (§9.13) we shall 
show that the o in (9.6.1) may be replaced by O; but this theorem 
(Theorem 156) is a good deal harder. All our conclusions will be true 
a fortiori, after Theorem 128, if > a, is summable (Εἰ, 4). We need three 
lemmas. 

THEOREM 144. Suppose that 
(9.6.2) a> —l, 0<fA<l, p> —l, 0<H <1; 
that A™ is defined as in §§ 5.4—-5;} and that 


(9.6.3) A& = o(ne). 

Then 

(9.6.4) A+B = 0(nPtB) 

and 

(9.6.5) | il = 0(|m—n|Pnp) 
uniformly for 0 < (1—H)n < m < (1+4)n. 


We have already proved ( 6.4) in §5.7.¢ For (9.6.5), we use the 
formula 
A>. 
- τῇ AP (n—p+}) 
There are two cases, according as m > n or m <n, and the proofs in 
these two cases differ only trivially. We take the case m > ἢ. Then 


S E(m—p+P) 4 
Τ' A&+B— Αα:τβὴ — eM LTP? Aa 
(8) (Ag, Ag+) 2. Fin στῇ) 4 
=. (T(m—p+f) Γία--»-Ἐβ) ga _ 
+ > (tape) Rap) a+ 5y 


(9.6.6) Ast 


say. Here, first, 
8, = οἔμρ Σ (m—p+1P-} = of(m—n)Pnt}. 
¢ And A;! = a,, as in ὃ 5.4. 


{t Strictly, for p = «; but the proof for general p is substantially ane same. 
§ (9.6.6) is (5.4.8), extended, as in ὃ 5.5, to general ἃ and k’. 
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If 8 = 1,8, = 0. If 8 <1, then the coefficient of A in S, is negative; 

and | 

Bice > (Reet eee 

° D(n—p+1) Γῴη--»-Ἐ 1) 

where S; and 3, extend over the ranges 0 < p < sn and in < p< 
respectively. 


In S, we may replace p? by n?, and then sum over the whole range 
0<p<n. Thus 


= elw 2 (rope) Pimp 


=ofu(S — Σ ) Rete — ofw(S"— Σ \pacean 


q=m— a=0 q=n+1 


=o SHEE) - oe Ser] ~ alent 


Jot == δι 


Finally, in 8, 


Γ(α--»-β) Γῴῥρη--»-Ἐβ[ 
D(n—p+1) P(m—p+1) 


= Of{(m—n)nB-*+4 O(nB-2) = O{(m—n)nBb-*}. 
= o{(m—n)nB-* Spe) = of(m—n)nPte-h 


= (n—p)P-1— (m—p)P-1+ O(nB-2) 


Hence 


= of( =) m—n = of{(m—n)Pn}. 
gntk 


‘ =< ἘΞ ἘΝ eee coer ] 
THEOREM 145. If k > 0, x>00, then e Paik) > 


For the sum is 


e-% 


k-lyn --. f)k—1g k—-lp—u d. 1. 
ὩΣ [- t)k-1gn dt — ἕο t)k-let dt = τῷ ] wk-le-" du—> 
THEOREM 146. Jf k > 0, and > a, 1s convergent for all t, then 


5 Ἔν τ 
(9.6.7) e Σ, Akin peED = ἬΝ t)* et YA, at. 


+ Since 0< m—n < An<n. 
4780 P 


where 
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If we write x—vu for ¢ and multiply by e*, the identity becomes 


yntk 1 - ταὐτὰ (x—u)” 
9.6.8) > An LEL) = TH | wi-rer Ay de 
0 


The left-hand side of (9.6.8) is 


gntk — T(n—p-+k) A 
oP (n+k+1) 4 - P(e) Γαι sie = 


wig OS RN pe T'(n—p+k) 
= Pb ΠΣ 4p ἊΣ ΓΕ Γι-- 


while the coefficient of A, on the right-hand side is 


rier arr | πα παπστη Σ J eee 


ΞΟ 
ete ἐν S ee eee 
re) ay Dt pret UP 4- 1) 
ak «φ Γ(ι--»- 1) 2 


~ PR) LPF ΩΓ.» $i)” 


The identity may be regarded from another point of view whose full significance 
will appear in Ch. XI. Since, generally, 


> an > F ride 
6. Un yA = ( —] Δῆμο nl : 
the identity is 


ook > (—1)"A"B)— = rg f eo (—1"ana, =} dt, 


. ΔΤ), αἱ 
" T(n+1+k) ἢ Tik+1)’ 
and Ck is the k-th Cesaro mean of > a,; and this is 


D(n+k+ 1} gntk 7 S gntk 
> Saale Maas Fees ΓΙ) "Bor LEI) _ AST cea 
Thus the identity is equivalent to 
D(kA+ DP (n+1) 
Rie ΡΟΣΥ 
(9.6.9) A*C§ = ἘΡῈΣ Ἐπ ΔΒΑ... 


9.7. Tauberian theorems (continued). We can now prove 
THEOREM 147. If p > —4, 

(9.7.1) a, = O(n), 

and > a, is summable (B) to A, then > a, is summable (C, 2ρ- 1) to A. 
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The theorem shows that a series which is summable (B) and of finite 
order (i.e. a, = O(n*) for some K) is necessarily summable (C, 1) for 
sufficiently large k. Theorem 143 is the case p = —}. 

We assume, first, that 


(9.7.2) Ak-B — o(np), 

where k > 0, 0<f<l, p> —I, p+p > 0: 
this reduces to (9.7.1) fork = 0,8 =1. By Theorem 144, 
(9.7.3) 4 = o(net®) (m<n), «43 = o(met®) (m >n), 


and 
(9.7.4) Af, —AE = o(|m—n|fn’) (|m—n| < Hn). 

We may take A = 0. Then, by Theorem 146, with x = n and m for n, 
9.7.5) Κὶ -- ε-π ia eh OE ἢ ag) aay: 
(9.7.5) ὅτ ὁ Σ Wet ELD ofn i t) a 0(1) 
We write 
(9.7.6) 

S ¢-7 Ae > ςς po ae (8 

᾿ Σ ferent > (Am— An) ats Si +82, 


n+ni 
(9.7.7) S= εν > + S + > )= Sy) + SP) + δῶ), 


m<n—n& πο m>n+nb 


where 4 << {<%. Then (9.7.5) is 


(9.7.8) δ Ἢ SY Ὁ SP) + SY) = (1). 
Here, first, δὲ = n-*AR{1+0(1)}, 


by Theorem 145. Secondly, 
A = Ofer SZ) — oe 


m<n—ns 


where ἡ = η(ζ) > 0, by (9.7.3) and Theorem 137 (3). Thirdly, after 
(9.7.3) and Theorem 137, (3) and (6), 


48) — Ole mpe+B ὋὃὋὦ ) 
: m>n+ni D(m+k+ 1), 
an Ole mPtB-k Foren} — O(e-”"); 
m>n+n5 D'(m-+1) 


and it now follows from (9.7.8) that 
(9.7.9) n-kAR{1 + 0(1)}4+- S@) = o(1). 
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It remains to discuss S?). Here we use (9.7.4) and Theorem 137 (5), 
which give 


Ν ait nm ntnt gn™ 
2) — —Ny p See ἘΠ —Nnyp—k m—n|P — 
SS ofe n PA ae n| ‘Tre ofe n δὲ | =") 
= ofe-"np-k |r |B ~—)= = ὁ{μ»-"- τὶ (Pere) 
| ἯΣ nt r)! 2s 


= αι» [ i [{{β6- Ἴδη a) ἘΞ o(np-k+4B) 


Hence, finally, (9.7.9) becomes 


(9.7.10) n-* AS] + 0(1)}-+-0(nP-*+#P) = o(1), 
1.6. 
(9.7.11) Ak = o(n*)+0(netb), 


Taking k = 0, β = 1, so that a, = o(n/), in (9.7.2) and (9.7.11), we 
obtain 
(9.7.12) A,, = 0(1)+o0(nPtt) = o(nPt). 

Next, we suppose that v8 = 2p-++1, where ν is an integer and B < 1 
and prove that 
(9.7.13): 418 = o(nett+irB) 
for0 <r<_v. First, (9.7.13) is true for r = 0, by (9.7.12). We assume 
it true for r = 8 < ν, and use (9.7.2) and (9.7.11), with k = (s+-1)8 and 
p+4-+488 in place of p. Then (9.7.11) gives 

Astyp — of{ne+P} + ofnetttie+iB} = O{nPtt+He+ DB), 
since $(s+1)8 < ἐνβ = p+; 
and this is (9.7.13) with r = s+]. 
Thus (9.7.13) is true generally. Finally, taking r = ν, we find that 
Ate = ο(πῦρΗ), 
ie. that > a, is summable (C, 2ρ-- 1) to 0. 

We have stated the theorem for summability (B), but it is equally 
true under the slightly weaker hypothesis of summability (B’). For, 
if } a, is summable (Β΄), then 0+a)+a,+... is summable (B), by 
Theorem 126, and the terms of this series are of the same order as those 
of the original series. Hence it is summable (Ὁ, 2ρ- 1), and, therefore, 
by Theorem 47, the original series is summable (Ὁ, 2p+-1). 

Incidentally we have proved 

THEOREM 148. Ifa, = 0(1) and > a, is summable (B), then A,, = o(n*). 

We shall need this theorem later. 
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9.8. Examples of series not summable (B). Theorem 147 shows that no 
series of finite order can be summable (B) unless it is summable (C). On the other 
hand, we can find examples of series, summable (C) (and so of finite order) but not 
summable (B). 

(i) The series } n*-te4im*, where 0 < a < 1, A > 0, is summable (C,k) for 
every positive k, by Theorem 84, but is not convergent. If a < }, then the 
general term is o(n~+); and therefore, by Theorem 143, the series is not summable 
(B). A fortiori, by Theorem 128, it is not summable (ΕἸ, 4) for any q. 

(ii) If « = 4 then the general term is O(n-4) but not o(n-#). The conclusions 
of (i) are still correct but (in default of direct analysis) we must appeal to the 
more difficult Theorem 156, which we have yet to prove. 

(iii) Suppose that A, = (—1)"m when n= m? and A,, = 0 otherwise: the 
series is then that derived from 

—a(1—~—a)+ 2a4(1—ax)— 3a%(1—a)-+... 
by writing it as a power series and putting ὦ = 1. If N? < n < (N+1)?, then 


(7) 
i ee — —1)¥ = -- = -ἰ 
CA) = τί -1Ὲ2--8}.ἘΓ ΏΝΝΣ = 0{5:) = O(n), 
so that the series is summable (C, 1) to 0; but it is not summable (B). In fact, if in 
3 
Sx) = e-# > (— 1) 


m?*! 
we take x = N* and m = N+u, then it is easy to show, by use of the approxima- 
tions of Theorem 137, that S(N*) is dominated by the terms for which |u| < NA, 
where 0 < B < }, and that 


—]1)*Y τ 
Sunt) = TD (τ te $001) 
ιμ| «ΜΝ β 


assumes values of alternating sign, numerically greater than }, when N —> oo. 


9.9. A theorem in the opposite direction. The examples of the 
last section show that summability (C) does not necessarily involve 
summability (B), and a fortiort that it does not involve summability 
(E,q) for any q. It is natural to ask what strengthening of the hypo- 
thesis is necessary to secure such a conclusion, and the simplest theorem 
in this direction is as follows. 


THEOREM 149. Jf 


_ Ag+A,+...+4, Γ 
(9.9.1) C7(A) = ae or cals = A+o(n-), 


then > a, ts summable (ΕἸ, 4) to A for every positive q, and a fortiori 
summable (B). 
We may take A = 0, when, by (8.3.4), we have to show that 
ΑἹ = A,+A,+...+4, = o(nt) 
implies 


] 
A@ — 
“(+1 


τ n 2ν--7 = . <n “ 
> (72 An = Σ tm Ay = o(1): 


m==0 
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here v,, = v,,(n). The largest v,,, say ὕμ, is given by (9.1.11), and, by 
Theorem 138 (2), 


(9.9.2) Um < Um < An, 
where H is independent of πὶ and m. We choose μ so that 
(9.9.3) [Ap tA pirte-+A4,| < ert 


for r > p > p, suppose 7 so large that M > yp, and write: 
p-1 M n 
AW = (> ἘΝ Σ τὶν > om Am = §,+8,+8;, 
0 μ Μι1. 
say. Then, since v,, decreases on either side of m = M, we have 
[So] < vy .eM?t < He, [8.} << vy,-en? < He, 
by (9.9.2) and (9.9.3); and S, > 0 when μ is fixed and »>oo. Hence 
|AZ| < 3He for sufficiently large n. 
Theorem 149 is a best possible theorem in the sense that the o of 
(9.9.1) cannot be replaced by O. This is shown by the series of § 9.8 (iii): 


we have seen that in this case C1(A) = O(n-), but that the series is 
not summable (B). 


9.10. The (e,c) method of summation. Our primary object in 
the rest of this chapter is the proof of Theorem 156, the generalization 
of ‘Theorem 143 in which o is replaced by O. The proof is rather difficult, 
and will be simplified considerably by a preliminary study of some other 
methods of summation. These methods appear here as auxiliaries, but 
they have also some independent interest. 

We shall be concerned primarily with delicately divergent series, 
among which we distinguish three classes, the class % for which 


(9.10.1) a, = 0(1), 
the class Ὦ for which 

(9.10.2) A, = o(n), 
and the class ® for which 

(9.10.3) a, = O(n-*). 


It is plain that $ includes R, while Q does not (and a fortiori does not 
include $$). We shall, however, find that all series of 38, summable by 
any of the methods which we are considering, belong to Q. We have 
seen alreadyt that this is true for series summable (B). | 
We shall often use a number ¢ which, as in §§9.1-3, lies between 4 
and 3. We shall be dealing, as there, with sums with respect to h, or 


Tt See the last remark of ὃ 9.7. 
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integrals with respect to ¢, in which the contribution of the parts 
[A| > ηξ, or |t| > 26, is O(e-™"), or O(e-2"), where ἡ = η(ζ) > 0. These 
‘tails’ of the sums or integrals will therefore be trivial, and we shall 
hold ourselves at liberty to reject or retain them at our convenience. 

We define summability (e,c), in the first instance, by saying that 
(9.10.4) da, =A (e,c) 


means 


(9.10.5) J (<) Σ ech’in4 1,>A 


when ἡ > οὐ. Herec > 0, the variable of summation h runs from —oo 
tooo, and A,, is to be interpreted as 0 when m « 0. It is, however, usually 
convenient to vary this definition by introducing a continuous para- 
meter x. We define A(t) as A,, when n < ὁ <7-+, and take 


(9.10.6) J) { ett A (a-+t) dt > A,t 
TT. 
when x > 00 continuously, as an alternative definition of summability. 

We begin by proving 

THEOREM 150. Jf a, = 0(1), and > a,, 1s summable (B), (ΕἸ, q), or (6, c), 
an accordance with either of the definitions (9.10.5) or (9.10.6), then 
A,, = o(n). 

We proved this for B in §9.7:{ a fortiori, after Theorem 128, it is 
true for (E,g). We have therefore only to prove it for series summable 
(e,c). We take the first definition, the proof for the second being 
similar. 

After Theorem 140, 


4, {{3}] > e-ch'in — A {1+0(1)}, 


and therefore, if (9.10.5) is true, | 
(9.10.7) | (=) D (Anin—Anlelr = A+0(1)—A4,{1-+0(1)}. 


Since A, = o(n), A,4, = 0o(n+|h|), we may neglect the terms for 
which |h| > πῆ; and A,,,—A, = 0(|h|) in the remainder. Hence the 
left-hand side of (9.10.7) is 


o(n-t > |hle-ehin) — o(n-4 | Ite" dt) = o(n-*.n) = o(nt), 
and therefore A, = o(n?). | 


7 Here ¢ runs from --- οὐ to ©. Ζ Theorem 148. 
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. Next, we prove 


THEOREM 151. If A, = ο(νη), then summability (B) is equivalent to 
summability (e, 4) by either of the definitions (9.10.5) and (9.10.6). 

We prove the implication B — (e,4): our arguments will be plainly 
reversible. We may suppose A = 0. 

(1) We prove first that 


nm 
(9.10.8) en Σ Am— = 0(1) 
implies 
(9.10.9) > eM A |, = 0(Vn) 


when 7 -> 0o by integral values. We may neglect the ‘tails’ of the sums, 


for which m= n-+h, |h| > n‘, and use the approximation (9.1.8). 
Then (9.10.8) is 


(9.10.10) > ewe (PEE T | +0(F 5) Anan = 0(vn), 


n? 


and A, ,, = 0(vn). Hence the O terms in (9.10.10) give 
1 —t/2n | 1 | —t/2n {3 
of fe (iei+1) del, of { e-Pmie8 


respectively. Since these are o(vn), we obtain (9.10.9). 
(2) Next, we replace (9.10.9) by 


(9.10.11) [ e#l2n4(n+-t) dt = o(Nn). 
The difference is 
h+1 
(9.10.12) > | (e-h2n__ e-H/2n) 4 (n+ t) dt, 
h 


and here again we may neglect the tails and suppose A(n+¢) = o(vn). 
Any part of (9.10.12) in which ἢ is bounded is plainly o(V7), so that 
we may suppose ἢ and ¢ large. Then 


n 
and (9.10.12) gives 


o(n- | οὐ ϑη 6} dt) = o(Vn). 


Thus we obtain (9.10.11). 
(3) Finally, we replace the n of (9.10.11) by a continuous zx. If 
x =n-+f, where 0 < f < 1, then the integral in (9.10.6), with c = 4, is 


eH24NA(n+f-+t) dt = Ϊ 6-- ΤΡ ἘΠ Α (η-Ἐ) dl, 
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and what we have to prove is that 
[ fees _—eF29} A (n-+1) dt = o(vn). 
We may again neglect tails, replace A(n+t) by o(vn), and suppose ¢ 
large. We have 
e-t-NAn+/)__e—tlan f oferta +0} 


for a w of (0, 1), and this is 


εὐ et aires) ~ (lata 


Hence our error is 


ΕΣ | 6- θη} ai) +0(-5 | 71) = ο(νη)- (1) = o(vn), 


and this completes the proof. 

If a, = o(1), and the series is summable, then: A,;= o(vn), by 
Theorem 150, and the result of Theorem 151 holds a fortiort. Through- 
out the rest of this chapter we shall suppose that a, = (1), not 
troubling to ask whether this hypothesis is essential; but there is one 
place in Ch. ΧΙ (§12.15) where it will be essential to have proved 
Theorem 151 without it. 


THEOREM 152. If a, = 0(1), and > a, is summable (E,q), then it is 
summable (e,c), where c = (q+ Nia to the same sum; and conversely. 

We write 

= |-5 I m = M--h, pee r= 2, 
q+iy q+ q+ 
and we may then replace the Euler mean of A,, by 
ne I ὠ n-M-h 4 
Xn (q+ WF Daa)? M+h° 

Here, after Theorem 138, 7 


ΠΣ ara) = Jamey fo) +0(FF)) 


and it follows, as in the proof of Theorem 151, that y,, > A is equivalent 
to 
1 —h?(2rr’n) 
This is effectively (9.10.5), with c = (g+1)/2q and YU in the place of n. 
Theorem 151, with a, = 0(1), corresponds to g = 00 
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_Ifc = (q+1)/2q then c decreases from oo to ᾧ when 4 increases from 
0 to oo. If we suppose a, = o(1), and combine Theorems 152 and 118, 
we find that if a, = 0(1) and 4 <c’ <c, then summability (e,c) implies 
summability (e,c’). We shall, however, see in §9.11 that this theorem 
is incomplete, the result being true for 0 «ο΄ <c. 

9.11. The circle method of summation. We shall say that 
(9.11.1) Ya, =A (γ, 1), 
where 0 < k <1, if (i) Σ a, a” is convergent for |x| < 1, and (ii) the 
Taylor series for f(l1—k-+ky), viz. 


(9.11.2) SEC ey = Σ ,ν" 


is convergent for y = 1. 

Here B,, = b)+6,+...+6,, is the coefficient of y” in the expansion, for 
ly{ <1,of (l—y)-f(1—k-+ky). Ifa = 1—k+ky then 1—z = k(1—y), 
and so 


n= fro] [eB 


= MY Ana" lym = XY 4,(1- b+ ky)" |n, 
Since y” occurs in k(1—k-+-ky)” only when n >™m, and then with 
coefficient " km+1(] —k)"-™, it follows that 
(9.11.3) 
B, = Bnet A + (mt 1)(1—h) Aga + bmi 


It may be verified at once that the method is regular, and that the 


relation between b,, and a,, is 
(9.11.4) 


bn = μα, + (m+ 1)(1— Rdg + πε θ 


(1K) yat 

These formulae have been obtained under the hypothesis that the 
radius of convergence of δ᾽ a,x” is 1, but we might abandon this 
hypothesis and say simply that > a, is summable (γ, 1), to sum 4, if 
B,,, defined by (9.11.3), exists for all m and tends to A. It is, however, 
more convenient for our present purpose to keep the restriction, and 
the theorems which follow depend upon it. 


THEOREM 153. If >a, is summable (y,k), and 0 <1 <k, then > a, 
is summable (γ, 1) to the same sum. 
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We write 
x= 1—k+ky = 1—l+/z, y= [-Ξ δ 


f(x) = > Ay x” = > ὃ, γ5 = > Cy 2”, 
and denote the series δ᾽ ὦ, Σ ὃ,» and }c, by A, B, and C. If A is 
summable (y,k) then B is convergent, and therefore summable (y, 1/k). 
But this means that C is convergent, i.e. that A is summable (y, /). 
There is a theorem for the (y,k) method corresponding to Theorems 
151 and 152. 


THEOREM 154. If a, = 0(1), and >a, is summable (y,k), then it is 
summable (e,c), where 


(9.11.5) =F — oa 


to the same sum; and conversely. 
The (y, &) mean, of rank n, is 


co 


B,, = kntt > [)α-- τ πὰ, = > διικηνάνοεν 


p=n 


where | Up = (? Jenn 1—k)p-" 


when p > n, u, = Ὁ when p < n, and m = [n/k]. After Theorem 139, 
we may neglect the terms for which [ἢ] > n°, and write 


ὡς, ffm 


where c is given by (9.11.5), in the remainder. The result then follows 
as in the proofs of Theorems 151 and 152. 

When & increases from 0 to 1, c increases from 0 to oo. Hence 
Theorems 153 and 154 give 

THEOREM 155. If a, = 0(1) and >a, is summable (e,c), then tt 18 
summable (6, c’), to the same sum, for0 <c’ <c. 

This theorem will play an essential part in the proof of Theorem 156. 


9.12. Further remarks on Theorems 150-5. We have supposed throughout 
§§ 9.10-11 (except in Theorems 151 and 153) that > a, is a series of the class 5, but 
the proofs of Theorems 152, 154, and 155, like that of Theorem 151, require only 
that it should belong to Q: Theorem 150 shows that $ is, for our purposes here, 
a subclass of Q. 

Theorems 151, 152, 154, and 155 are actually true for much wider classes of 
series. We need them only as tools for the proof of Theorem 156, and it is not 
necessary to consider how far they may be generalized; but what we have proved 
falls far short of the ultimate truth. Thus Hyslop has proved that the B and 


220 ᾿ς THE METHODS OF EULER AND BOREL (2)  [Chap. IX 


(e,$) methods are equivalent whenever a, = O(n) for some K, and the scope of 
Theorems 152 and 154 might be extended similarly. It would follow that Theorem 
155 also is true for all series of finite order. 

The range of this theorem might be extended still farther by the use of different 
methods. Let us consider, for convenience, the analogue of the theorem for con- 
tinuous limits. We say that f(x) —> 1 (e,c) if 


(9.12.1) f(x) = {{ 5) | eP/“f(x+t) dt —> l, 
the integral being a Lebesgue integral. Then it may be proved that 


(9.12.2)  f,(z) = /(2) Ϊ ΞΕ exp| ΟΞ Βα 


7 ax— bt 


whenever 0 < ὃ < aand the integral (9.12.1) is convergent for c = ὃ; and deduced 
that, subject only to this last condition, 


f (2) > 1 (e,a)—> f(x) > 1 (6, δ). 
This is another illustration of the principle of § 4.12. 


9.13. The principal Tauberian theorem. We are now in a 
position to prove our main theorem. 


THEOREM 156. Jf > a, = A (B) and 
(9.13.1) a, = O(n-+), 
then > a, converges to A. 


We begin by proving that A,, = O(1). It follows from Theorems 150 
and 151 that 


forc = 4. By Theorem 140 


Ο —ch®{n . 
{{} > 6 = 1- (1), 
and therefore 


(9.13.3) A,{1-+o(1)} = J(é) yO a 


ΞΕ ἡ (=) > eM A, —An in) +4+0(1). 


We may restrict the summation to [Ὁ <n’. Then A nsn—Ay 18 O(n-*|h]), 
and the sum is 


O(n ae) = O(n [ 6- οὐ π ig] dt) = O(1). 
Hence A,{1-+0(1)} = O(1), ie. A, = O(1). 


9.13] THE METHODS OF EULER AND BOREL (2) 221 


The next (and the critical) stage of the proof depends upon ‘ Vitali’s 
theorem’. Suppose that D is an open and connected region of z, that 
¢,(2) is, for each n, an analytic function of z regular in D, that d,,(z) 
is uniformly bounded in D, and that ¢,,(z,) tends to a limit $(z,), for 
each of a set of points z, with at least one limit point in D. Then there 
is an analytic function ¢(z) such that ¢,(z) > ¢(z) uniformly in any 
closed and bounded region R contained in D. 

To apply the theorem, we suppose ὁ = y-++78 complex; choose 89: Yo 71 
so that 65 > 0, 0 « γυ -ᾧ - γι; define D byy, <y<, [δ] < 8); 


and write ἐτοε. J > enchting 4... 


We may suppose that |a,| < n-* for large n. 
Since (as we have just proved) A, = O(1), ¢,(c) is, for each ἢ, an 
analytic function of c regular in D. Next, 


Asai of (2) Sem =f) fem ~ on 


uniformly for c in D and all n. By Theorems 151 and 155, ¢,(c) > A 
for every c on the stretch (yo, 4) of the real axis. It follows from Vitali’s 
theorem that ¢,,(c) >A for all c of D. In particular, since Yo > 0 and 
γι are arbitrary, > a, = A (e,c) for all positive c. 

Thus (9.13.2) is true for all positive c. We may restrict the summa- | 
tion to |h| < πξ, and then 


IAnin—Anl < n-Hh| 
JE) > hana 


ἰδ! τεῦ = Saf Ε) Σ een | 
«6. [omme Ἐ]} ποίσω 


It now follows from (9.13.3) that 
lim|A,—A| < (cz)-+, 
and therefore, since c is arbitrary, that A, >A. This completes the 
proof. | 
It is plain that we have also proved 


THEoREM 157. If > a, is summable to A by any of the (Ε, 4), (e,¢), 
or (γ, Κ) methods, and a, = O(n-*), then > ας, converges to A. 


for large n. Hence 


Τ e~#/"|¢| has maxima (n/2ec) when ἐ = + γ(η 20). 


222 THE METHODS OF EULER AND BOREL (2)  [Chap. IX 


9.14. Generalizations. There are generalizations of all these 
theorems for extensions of Borel’s methods such as we encountered in 
§4.13. There we defined oe (Β΄, «) by 


fe ὍΣ, τἢ ΤΟ τὴ ἡ ee 


and we may define summability (B, α) by 


- n\xr A 
6 Σ 4} τι} 4. 
Thus, when α is an integer k, these assertions are equivalent to the 


assertions that 
Aap tO+...+4,+0+... +4 g+..., 
where there are kK—1 zeros between a, and a,,,,, are summable (Β΄) 
and (B) respectively. We leave it to the reader to prove 
THEOREM 158. Jf a, = 0(1), then the methods (B, α), (Β΄, «), (6, $x) are 
equivalent. 


THEOREM 159. Swppose that the parameters c, a, 4, k are connected by 
the relations 


Yes, We, ἼΞἘὉ 
ἀπ ἐπ Oa 
(the parameter q being used only when c > 4), and that a, = 0(1). Then 


the summability of > a, by any one of the methods 


(6, 6), (B, a), (B’, a); (Ε, 4), (γ, k) 
implies its summability, to the same sum, by any of the others. Summa- 
bility for a particular c, α, k, or g implies summability for any smaller 
positive c, a, or k or any larger q. 

It is to be expected, after § 9.12 and the theorems referred to there, 
that the last clause of Theorem 159, with the restriction a, = o(1), 
should be far from expressing the full truth about any one of the 
methods in question. Thus the implications (ΕΣ, 4) -- (E,q’) for q’ > 4 
and. (y, k) —> (y,k’) for 0 < k’ < kare true, after Theorems 118 and 153, 
without reservation; and it can be proved that (B’,«)—»(B’,f) for . 
0 < B < a whenever the series 


esr 
“D(Bn-+1) 
converges for all ¢. 
9.15. The series. > 2". A good deal of light is thrown on the 


relations between these methods by their application to the geometric 
series. We summarize the results shortly. 
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(1) The (E,q) method. The series is summable inside the circle 

(ἡ 4)" Ἐν" = (¢+1)? or 
r= J(1+29¢-+9?cos?0)—qeos@ (—7 <0< 7). 
See § 8.2. 

(2) The (B,a«) and (B’,a) methods. The success of the methods 
depends upon the formula (d) of p. 197.+ The boundary of the region 
of summability is the curve r = {sec(6/x)}*. The region is bounded if 
a > 2 but extends to infinity if 0 < « < 2, and tends to the Mittag- 
Leffler star when α -» Ὁ. When α = 2, it is the inside of the parabola 
y* = 4(1—z). 

(3) Zhe (e,c) method. The method will succeed if 


ae > 1—2nt® | ontin --Ὁ i 
7 1—z ]--- 2 


(where h > —n), and the question is easily settled by the aid of the 
formulae for the linear transformation of the theta-functions. We find 
that the region of summability is 


γ « eM(Prte)-2¢ (-. πς(θ - 7). 


(4) The (y,k) method. If we are to apply this method to > z", with 
|z| > 1, then we must abandon the restriction imposed on the definition 
in §9.11. This invalidates the proof of Theorem 153, which ceases to be 
generally true. The region of summability is defined by the two 
inequalities 


\(1—k)z| < 1, [kz] < J]1—(1—&)z|, 
and diminishes to the interior of the unit circle when & tends either to 
0 or to I. 
It will be found that the relations between these various regions, near 
z = 1, are closest when the parameters are connected as in Theorem 159. 


9.16. Valiron’s methods. Valiron has defined and used a more 
comprehensive generalization of Borel’s method. The general ‘integral- 
function’ definition of ὃ 4.12 was as follows. We say that A, -» A(J) if 


3 


] > ¢,A,x” 
9.16.1 nae A, 2 = = A 
(9.16.1) σῷ 2, om Ant Υ̓Ξ ΝΣ 


Cy X 


where J(x) is an integral function, not a polynomial, with non-negative 
coefficients c,. We now suppose that Cy = e~&”), where 


G(n) > οὐ, G'(n) > ©, α΄ (Ὁ) > 0 


Τ Note on § 8.10. 
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with considerable regularity. The typical cases are 
(9.16.2) G(n) = Οὐ" (C>0,1<k < 2) 
and G(n) = nlogn—n: in the last case the method is practivally Borel’s. 
We write H(n) for G’(n), so that 

H(n) = Ck(k—1)n*-*,  n-} 
in the two typical cases. Then Valiron, generalizing the arguments 
applied to Borel’s method by Hardy and Littlewood, proves that, 


subject to certain conditions of regularity on G(n), A,->A(J) 1s 
equivalent to 


(9.16.3) J A} > PHA yy >A 
whenever | 
(9.16.4) A,, = of{H(n)}-¥; 


and that this is true, in particular, whenever a, = 0(1). 

We shall express (9.16.3) as A,, > A (V, 1). The main interest of the 
method lies in the Tauberian theorem associated with it. If > a, is 
summable (V,H), and 


(9.16.5) 7 a, = O[{H(n)}*], 
then > a,, is convergent. When G(n) = Cn*, then (9.16.5) is 
(9.16.6) os On, = O(nt*-), 


We confine ourselves here to. proving, as is easy, that (9.16.3), with 
H(n) = enk?2 (1 <k<2),and 
(9.16.7) Ay = o(ni*-1), 


imply the convergence of the series. It will plainly be sufficient to 
prove that 
nik Σ᾽ ete", Ay) > 0, 
[h}<n$ 


where ¢ is now a number between 1—}k and 1; and this is 
o(nk-2 δ e-teh?n*-"! 1) — 0(1). 


NOTES ON CHAPTER IX 


§§ 9.1-3. The substance of Theorems 137-9 may be found in many books, 
particularly in books on the mathematical theory of probability. 

§ 9.5. Hadamard’s theorem was first proved in J. de M. (4), 8 (1892), 101--86 
(118), and Fabry’s generalization in AEN (3), 13 (1896), 861-99. There are 
comparatively simple proofs in Landau, Ergebnisse, 76-86. Ostrowski’s theorem 
was proved in BS (1921), 557-65: see also JLMS, 1 (1926), 251-63, where fuller 
references are given. Mordell, JLMS, 2 (1937), 146-8, gave a particularly simple 
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proof of Hadamard’s theorem; and Estermann, ibid. 7 (1932), 19-20, proved 
Ostrowski’s by a modification of Mordell’s method. The proof here is due to 
Zygmund, JZMS, 6 (1931), 162-3. 

See also Dienes, ch. 11. 

δὲ 9.6-7. Hardy and Littlewood, PLMS (2), 11 (1913), 1-16. There is a direct 
proof of the theorem for Euler summability corresponding to Theorem 143 in 
Knopp, MZ, 18 (1923), 125-56 (136-9). 

Hardy and Littlewood state Theorem 147, but give the proof in full only when 
2p+1 is an integer. See also Lord, PLMS (2), 38 (1935), 241-56. 

§ 9.8. Hardy and Littlewood, l.c. supra, show that 


d n-*e4in® (A > 0) 


is summable (B) for all s if 4 < @ < 1, but summable only when convergent if 

0<a< 3}. They take A = 1, and the argument is only sketched in places. 
Another example of an ordinary Dirichlet’s series summable (B) only when 

convergent, though summable (C, k) for some k, all over the plane, is 


1-*+0+4 0+-...—8-§+0+0+4+...4+27*+0+4.... 


See Hardy, PLMS (2), 8 (1909), 277-94 (286-9). 
Series of the type (iii) are considered by Hardy, QJM, 35 (1904), 22-63. Hardy 
shows in particular that the convergent series > a, in which 


a, = (—1)™%m—"_— (n = m?*), a,=90 (n ~ m?) 


is not absolutely summable. 

§ 9.9. The analogue of Theorem 149 for B summability was proved by Hardy 
(l.c. supra, 37-42), and Theorem 149 itself by Knopp (l.c. under ὃ 9.6, 150—1). 
There are generalizations by Hardy and Littlewood [RP, 41 (1916), 36-53 (46-7)] 
and by Knopp (l.c. 151-2). 

§§ 9.10-11. The (e,c) and (y,k) methods were introduced by Hardy and Little- 
wood in their paper in the RP, and the substance of most of the theorems proved 
here will be found there or in their later paper in JZDMS, 18 (1943), 194-200. 
Knopp considers the relations between Euler summability and summability (e,c), 
but does not state Theorem 152 explicitly. 

§ 9.12. The reference to Hyslop is to PELMS (2), 41 (1936), 243-56. 

§ 9.13. The method is that of Hardy and Littlewood’s paper of 1943. For 
Vitali’s theorem see Littlewood, 117, or Titchmarsh, Theory of functions, 168. 

Theorem 156 was first proved by Hardy and Littlewood in their paper in the 
RP. The condition (9.13.1) was afterwards generalized further by Valiron [RP, 
42 (1917), 267-84] and R. Schmidt [Schriften ἃ. Kénigsberger gelehrien Ges. 1 
(1925), 205-56]. The most general form, due to Schmidt, is 


lim(A,—A,) > 0 


when m—> 0, n > m, m-*(n—m) — 0: in particular this condition is satisfied if 
a, > —Hn-*. The proof was simplified by Vijayaraghavan, PLMS (2), 27 
(1927), 316-26. 

There is an alternative method of proof by means of Wiener’s ‘general 
Tauberian theorems’: see Ch. XII and in particular § 12.15. 

§ 9.14. The theorem referred to at the end of the section will be found in 
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Hardy, JLMS, 9 (1934), 153-7, and Good, PCPS, 38 (1942), 144-65. Hardy 
proves the result only when B = $a, Good generally. Thus Hardy proves that if 


a,+0+a,+0+a,+0+4+... = 8 (Β',α) 


and 
ἐπα 
(α) a,(¢) = > °n Final) 
is convergent for all ¢, then a,+a,+a,+... = 8 (B’,a). The proof actually shows 


rather more, viz. that if the series (a) converges for small ¢, and a,(¢) is regular 
for all positive ¢, then 
J eta (t) dt = 8. 


This is a generalization of the (B’,a) method similar to that of the B’ method 
in § 8.11. 

When g = 1, « = 2. Thus the (Β΄, α) method most closely connected with the 
ordinary Euler method is (B’, 2). 

§ 9.15. The main result under (2) is due to Mittag-Leffler, I.c. under ὃ 8.10. 

The (6, 6) region is determined by Hyslop, |.c. under ὃ 9.12: he has ὁ = 4. 

§ 9.16. For all this see Valiron, l.c. under ὃ 9.13. When k = 2, 


G’(n) = H(n) = Ck(k—1) # 0 


and (9.16.6) becomes a, = O(1). In this case the method fails to sum 
1—1]+1~—... (§ 4.15). 


xX 
MULTIPLICATION OF SERIES 


10.1. Formal rules for multiplication. It will be convenient, 
throughout this chapter, to use the same letter for a series and its sum, 
whether the sum is a sum in the sense of ordinary convergence or not. 

If the series > a,, = A and > 6, = B are absolutely convergent, then 
the double series >> a,,b, is absolutely convergent, and has the sum 
AB however its terms are arranged. When one at least of A and Bis not 
absolutely convergent, the convergence, or summability, of the double 
series will depend upon the rule prescribed for its arrangement, differ- 
ent rules giving different definitions of the ‘product’ of A and B. The 
most familiar rule is Cauchy’s, in which the double series is summed 
‘diagonally’, by associating together the terms in which m-+-n has a 
fixed value. We then write 


(10.1.1) Cp = DY Andy = Σ Andy -m = > Un Ont 
mM+n=p 

and define the product series C as 

(10.1.2) C= > cp. 


The rule is suggested by the formula δ᾽ a,,2" > ὃ, 2" = >'c, x” for the 
product of two ascending power series. 

Another rule is important in the theory of ‘ordinary’ Dirichlet series. 
We suppose that a, = 0, by = 0, and associate together the terms in 
which mn has a fixed value p, so that 


(10.1.3) Cy ΞΞ-Ξ Σ Amon = > Ag Onia = > Anta Oa; 
mn=p a\p a|p 


the summation in the last sums extending over the divisors of p. This 
rule is suggested by the formula > a,,m-* > ὁ, γι = δ᾽ 0,» ὃ; and 
there are other modes of multiplication associated with Dirichlet series 
> a,,¢-** of more general types. 

In this chapter we shall concentrate our attention on Cauchy’s rule, 
which we shall discuss very thoroughly, and dismiss the various methods 
of ‘Dirichlet’ multiplication summarily. We shall also say something 
about the corresponding problems for series infinite in both directions. 


+ 


10.2. The classical theorems for multiplication by Cauchy’s 
rule. The three classical theorems of the subject, due to Cauchy, 
Mertens, and Abel respectively, are as follows. 


Τ Here, and often in what follows, we use the convention of § 5.4. 
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THEOREM 160. If A and B are absolutely convergent, then C is absolutely 
convergent, and C = AB. 


This is a corollary of the absolute convergence of the double series 
>> an On: 

THEOREM 161. If A is absolutely convergent, and B convergent, then C 
as convergent, and C = AB. 

If, as usual, A,, = a)+a,+...+4,,, and similarly with other letters, 
then 
(10.2.1) ΟΣ Σ Gm = Σ᾽ nbn = > dy, Bom 

4} M+n=|Q Mtn<p 

We may write this as > Gm Bm», Where By» is By if m < p and 0 if 
m > p. Since £,, , is uniformly bounded, and A is absolutely convergent, 
the series > @,, Bm,» converges uniformly in p; and so 


Tim % mB mp a 2, Fy lim Bg ᾿Ξ BY GU, = AB. 


We may add that, if A is not absolutely convergent, then there are 
convergent B for which C is divergent. For if C, = a, B,+...ta, By 
tends to a limit whenever B, tends to a limit, then > |a,| < H, by 
Theorem 1. 

THEOREM 162. If A, B, and C are all convergent then C = AB. 

The power series a(x) = > ὦ, αν... are absolutely convergent for 
0 «ὦ <1, and a(x)b(x) = c(x), by Theorem 160. Making x — 1, it 
follows from Theorem 55 that AB = C. 


10.3. Multiplication of summable series. There are important 
generalizations of the preceding theorems for series summable (C, k). 
The fundamental theorem is Cesaro’s Theorem 164: but we begin with 


THEOREM 163. Jf A, B, and C are all summable (Ὁ, k) for some k, then 
C= AB. 

In fact the proof of Theorem 162 shows that C = AB whenever all 
three series are summable (A). 

THEOREM 164. Jf r > —1, s > —1, A ts summable (C,r), and B 
summable (C, 8), then C 1s summable (C,r+s+1), and C = AB. 

We have 

(1—2x)-*-8-2e(x) = (1 ---“) τ" a(x). (1—ax)-§-1b(x) 
for [2] < 1, and therefore, in the notation of ὃ 5.4, 
ΣΟ ΡΞ > Ana > Bist 
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Hence, equating coefficients, 


(10.3.1) Cnet) = AtBS+ATBs_j+...+A" Be. 
Since At, ~A [1 ΒΡ κω Β[1ἢ 
it follows from (10.3.1) and Theorem 41 that 
ΟΡ δεῖ ~ AB pt+rt+st+l 
rts+1 } 


i.e. that C is summable (C,rte+- 1) to AB. 


We can naturally prove (10.3.1) without using power series. Since 


k p—k | 
gpa Ν k—m-+r p—k—n+s b 
ko r am) p—k — 8 nm? 


m=( n=0 


the coefficient of a,,b, in the right-hand side of (10.3.1) is 
ῃρ-- 


ἈΞ Ἐπ p—-n—v+s = k+r\(p—m—n—k+s 
ace a eee 
v=m k=0 
ἠέρα a Res ἢ 
ey r+s+l : 
by (5.6.10); and this is the corresponding coefficient in ΟΣ 
In particular, when r = 8 = 0, (10.3.1) becomes 


It is easy to verify this directly, and to deduce, without appealing to Theorem 41 
in its general form, that A,,—> A and B,— B imply ΟἹ, ~ ABp. It follows that 
C is summable (C, 1), to sum AB, whenever A and B are convergent, and so that, 
if C also is convergent, its sum is necessarily AB. We thus obtain a simple proof 
of Theorem 162 independent of the theory of power series. 

We add two negative theorems showing that Theorem 164 is a best possible 
theorem of its kind. 


THEOREM 165. The hypotheses of Theorem 164 do not imply that C is summable 
(C,k) for any k less than r+s+1. 


Take p = r—85, o = s—8S, where ὃ is positive and small, and 
an = (— 1)™(m-+1), δ. a (—1)"(n+1)°. 
Then A and B are summable (C,7r) and ((, 5), by Theorem 81. But 


(—1)?c, = Σ (m+1)(p—m+1)°~ eee, 


by Theorem 41, and so, after Theorem 46, C is not summable (Ὁ, p+o+1), ie. 
(C,r+s+1—28). 
THEOREM 166. The result of Theorem 164 is not true forr = —1,s > —1. 
Take 
Om = (—1)™"(m-+2)-Hlog(m+2)}-*, ὁ, = (—1)"(n+2)*log(n+2)}-8, 
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where a > 0,8 > 0,a+f < 1. Then A is summable (C, —1) and B is summable 
(C,s). But 
Agee ate ea ερευρ 3. 
7 Lx (m+ 2){log(m+2)}* (log(p—m-+ 2)}# 
ἐν 
Mp > 1 
Ὡς πὴ ee ER τ τς ee, Nv 1--απῇ͵ 
a (logpy? Ly (m+ 2){log(m-+ 2)}4 > » (log p) 


for constant M, N, and large p. Hence cy τέ o(p*), and C is not summable (C, 8). 


Our next theorem is a generalization of Mertens’s Theorem 161, to 
which it reduces for r = 0. 


THEOREM 167. If r > 0, A ἐδ absolutely convergent, and Bis summable 
(C,r), then C ts summable (C,7r). 


Here a(x){(1—ax)-*-1b(x)} = (1—2x)-"~1e(x), and so 
Ct, = a) Bh+-a, BE_i+...+a, Bo. 


We may write this as 
πὶ 
¢ Οὗ = 2 UmBn,p» 


-1 
where β,..» = ἤ μι Ba 


form < pand B,,, = 0 form > p. Since, form < p, 
—m-+r\-1 
Bol < (PP) Bom 


Bm» is uniformly bounded, so that > @, 8m, converges uniformly in p. 


Also a κυ Pr, for each m, when  -> οὐ, and so 


Σαβα > Σ Imi By = BY dm = AB. 


THEOREM 168. The result of Theorem 167 18 not true when r < 0. 
Take a, = (—1)™am: bn = (—1)"Bq, where a, and B, are positive and Σ᾽ a, < ©. 
Then 
ley | -- > %m Bom > Oy Bo (p > 9), 


and cy, = 0(p*) involves a, = 0(p"), which is not, for any negative r, a consequence 
of the convergence of > ap. 


10.4. Another theorem concerning convergence. We now 
consider a group of theorems of which the simplest is 
᾿ς ΤΉΒΟΒΕΝ 169. 1 ‘f A and B are convergent and 
(10.4.1) a,, = O(m-*), b,, = O(n-"), 
then C is convergent (and C = AB). 
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In fact A and B are both summable (C, —1-++8), for any positive δ, 
by Theorem 45; and therefore, by Theorem 164, C is summable 
(C, —1+28), and a fortiori convergent. 


THEOREM 170. Jf A and B are convergent; n(x) and C(x) are positive 
and tend to infinity with x; n(x) +f(x) = x; and 
zt x | 
(10.4.2) > [αἰ = O(1), > |6,| = O(1); 
η(α) ζ(α) 


then C 1s convergent (and C = AB).t 


We suppose that 0 <y <n, 0 <z « ζ, and divide the triangle T 
of the (m,n)-plane in which m+n < x into regions 7,, T,, Ts, T,, Τ' 
as shown in Fig. 2, We may suppose 2, 7, ζ, y, and z non-integral, 


γι 


6 Fia. 2. oy 
so that there are no lattice points on the lines dividing the regions. 


If A(z),... are the sum-functions of A,..., and %,,... are the sums 
> > 4,5, over 7;,..., then 


C(x) = 2+ 24+ Dig+ L4-+ Bs. 
Also Ly > ay > ὃ, = A(n)B(C) > AB. 
n<f 


m<n 


Τ If or ¢ does not tend to infinity, then one or other series is absolutely convergent, 
and the theorem is included in Theorem 161. | 
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It is therefore sufficient to prove that 2+ 2,—> 0 and 2,+ 2; —> 0, 
when y and z are chosen appropriately. 
We choose z so that 


ΙΣ bl -ε (2 > >2). 
n=V1 
Then 
L—2 t—-m 
| 23 | = [> Am Σ δε < Σ Ια <e Px lan| < Ke, 


for a constant K, by (10.4.2). An 


ΣΑΙ =| nS «ΣΡ, ΠΣ an > 0 


when 2z is fixed and x and 7 tend to infinity. Hence “ates -» 0; and 
we can prove that &,-+ 2, —> 0 similarly. 
When the conditions of Theorem 169 are satisfied, we can take 


ἡ = € = dz, since 
lan | = o( > =) = 0(1). 


ἐχεηιξα 


ἐσξηιξα 
There are other interesting special cases. 


THEOREM 17]. If A and B are convergent, 


1 
= —8 τς ¢ | | ae 
(10.4.3) Gn = O(m-) (ὃ » 0) b= οἴμοι, 
then C 18 convergent. 


We may plainly suppose ὃ < 1. We take ἡ = a—2°, ζ = aw. Then 


Σ |Qn| = Ο(α“δ.“«-ὃ) = O(1), 
= 


[7 1 
8) — 
2 [b,,| = ο > 1 = O(loglog x—loglog x”) O(1). 


10.5. Further applications of Theorem 170. (1) Theorem 170 enables us to 
prove a ‘one-sided’ extension of Theorem 169. 


THEOREM 172. If a, and b, are real, A and B are convergent, anda, > —Km-1, 
b, > -- 1.13, with constant Καὶ and L, then C 7s convergent. 


If at and az are the positive and negative a,,, and 
A(x) = > Am» At(x) = > ax, A-(%) = >> am > 
Mae Mz 


then A(z) = At(x)+A-(2), 
ns |am| = At(x)—A-(x) = A(x)—2A7(z), 


|am| = A(x)—A($x)—2{A-(z)—A-(}2)}. 
= Me 
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But A(z) = O(1) and 


A-(%)—A-(4xt) = Σ an >—-K Σ m, 
ἑασςπξα te<m<e 


which is bounded, so that a,, satisfies (10.4.2). The same argument applies to ὃ,» 
and the theorem follows. 
(2) Another application is to the proof of 


ΤΉΞΒΟΒΕΜ 173. If A and B are convergent, p > 1,q > 1, and > m?-"\a,,|? < 0, 
> πα, < οὐ, then C is convergent. 

For if p’ = p/(p—1), and all the summations are over (42,2), then, by Hélder’s 
inequality, 

Σ [γι] = Σ mUP'|ag|.m— UP" < (Σ mPa, |)? (Lm)? = O(1); 

and similarly > |6,,| = O(1). 

10.6. Alternating series. In this section we prove a more 
elementary theorem concerning series of the familiar alternating type. 

THEOREM 174. If A = > (—1)™a,, B= > (—1)"B,, where a, and 
B,, are positive and decrease steadily to 0, then, in order that C should be 
convergent, 

(i) at 1s necessary and sufficient that 
(10.6.1) Yn = Og By tory Boat ++» +p Bo > 0; 

(ii) it 18 necessary and sufficient that 
(10.6.2) (apoy+...+%p)B, > 9, (βιἜβιἘ..---Ἐβρ)αρ > 0; 

(iii) ἐξ 18 sufficient that > α, β, <0; 

(iv) it is necessary that > («,8,)'+® < co for every positive ὃ. 

(i) If we write 

A = A,,+(—1)™"'p,, B= B,+(—1)""o,, 
then 0 < py < = 0<oa, <f8,. Also 
C, = > Om Bom = BA,+(—1)? ¥ om σρ-πι = ΒΑ, ἘΠ,» 


where |R,| < > a%nBp-m = Yp- Hence (10.6.1) is sufficient, and it is 
obvious that it 15 necessary. 
(1) Next, 
Yp = (a+... +a,)B,, = (Bot .. TP ple: 


so that the conditions (10.6.2) are eae and 
Yo S = (a +.. bo Bag + (Bo+-- -+8)%q 
where gq = [4p], so that they are also sufficient. 
(111) If 0 <q < p then 
αρίβο-β1-...-Ἐ,) < Oy (Bo+... +8) +a CAPE OPN has are Pe Pp = ap S 1 +89, 
say. If > α,β, < οὐ, we can choose g so that S, < ε for all p > 4; and 
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δὲ 0 when q is fixed and p->oo. Hence a,(8)+...+8,) > 0, and 
similarly B,,(a9+...-«,) > 0. Thus the condition is sufficient. That it 
is not necessary is shown by the example in which α, = 8, = (nlogn)-* 
for n > 2: in this case y, > 0, so that C is convergent. 

(iv) Finally, (apy -[...-Γα,}βρ = Puy Bp. 
If C is convergent, then the left-hand side tends to 0, by (ii), and so 
dy B, = ο(ρ- ἢ. Hence > (a, β,)}}ὃ <oo. The example 

| Xn, =B, = (n+1)-# 


shows that the condition is not sufficient. 


10.7. Formal multiplication. We have assumed in all of the 
preceding theorems that both A and B are convergent or summable. 
There is another type of theorem, particularly important in the theory 
of trigonometrical series, in which one series, say A, is almost arbitrary, 
while the other is severely restricted. The conclusion is then that C, 
behaves ‘very much like’ BA,. 

If | 
(10.7.1) C,—BA, > 0 


when p oo, then we shall say that C is equi-convergent with B(A). 
In this case, if A is convergent or summable, then so is C (with sum 
AB). 


THEOREM 175. If a,, = 0(1), > n|b,| <0, then C is equi-convergent 
with B(A). 


We use as a lemma 
THEOREM 176. If a,, = 0(1), > |p,| «- οὐ, then 

On = Dy Pp ty Ppa t--- +p py = O(1). 
This is trivial; for we can choose P so that 


|Qn| <€ (m > $P), > | Pn | < €, 
n>4P 


ΕἸ 
lop] < Max [α,,] 5 [ρ,1- Max || δ [pn] < €(Max|a,|+ ¥ lpn!) 
m<tp 4p tp<m<p 0 | 


for p > P. | 
To deduce Theorem 175, we write B = B,+-8,,, so that 
C,, — Ao B,+a, By-at--+@, By = ΒΑ,--αρβ,θ---..-- 0» 
where 


Bp = Σ δ, Bol < ΣΊδ,1, = DIDI SD D lOn| = J nd, |. 
n>p n>p Pp n>p 
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Then, after Theorem 176, 
Ay By +41 By1+-..+dy By > 0, C,,— BA, > 0. 


It is plain that if a,, and b, are functions of a variable x, a,,—> 0 
uniformly, and Σ᾽ /b,| is uniformly convergent, then C,—BA,— 0 
uniformly. 

There are generalizations of Theorem 175 for (C,k) summability, a little more 
complex in form. We leave it to the reader to prove 

THEOREM 177. If ay, = 0o(m), > n*{b,| < οὐ, then 

C,— BA, ΒΑ, = o(p), 
where B* = 3 nb,. If also A, = 0(m), and in particular if adm = 0(1), then 
Ch— BA}, = o(p), 1.6. C and B(A) are equi-summable (Ὁ, 1). 

10.8. Multiplication of integrals. We now state the theorems for 
integrals which correspond to the more important of Theorems 160-70. 
The proofs follow the same lines and we do not give details, noting 
only the points where there are material differences. These arise from 
the absence of any ‘limitation theorem’ corresponding to Theorem 46. 
In particular, the convergence of A = [ a(x) ἀκ does not imply the 
convergence of { e-§|a(x)| da for positive δ. 

We define C by C = { c(x) dx, where 


(10.8.1) o(x) = [ a(t)b(a—t) dt = [ a(x—t)b(t) dt 


(with the convention of § 5.6 concerning limits). 


THrEoreM 178. If A and Bare absolutely convergent then C is absolutely 
convergent, and C = AB. 


THEOREM 179. If A is absolutely convergent and Bis convergent, then 
C is convergent, and C = AB. 


THEOREM 180. If all three integrals are convergent, then C = AB. 


THEOREM 181. Jf r > —1, s > —1, A is summable (C,r), and B 
summable (Ὁ, 8), then C ts summable (C,r+-s+1), and C = AB. 


THEOREM 182. [fr > 0, A ts absolutely convergent, and B is summable 
(C,r), then C 1s summable (C,r), and C = AB. 


THEOREM 183. If A and Bare convergent, ἡ and ζ satisfy the conditions 
of Theorem 170, and 


(10.8.2) f lac) dt = O(1), fee dt = O(1), 
ἢ 


then C is convergent, and C = AB. 
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We need only add the following remarks. 
(i) We must deduce Theorem 180 from Theorem 181 with r = s = 0, and not 


attempt to imitate the argument of § 10.2. 
(ii) The proof of Theorem 181 depends on the identity 


(10.8.3) Cryeyi(v) = [ A,(t)B,(a—t) αἱ, 
where, for example, 7 


A,(z) = | (5 --- ἐδ α() dt; 


and that of Theorem 182 on 
(10.8.4) C(x) = J a(t)B,(x—t) dt. 
To prove (10.8.3) we observe that 


x t α-τ-ὶ 


0 0 0 0 


Here ὁ «ὦ «ἐς 0 «ὺυ « αχ--ἰ « α. When τὸ and » are fixed, ¢ runs from 
u to x—v: when τὸ is fixed, v runs from 0 to x—u. Hence the triple integral is 


τατήσατη [ “ὦ du | b(v) dv | (t—u)"(x—t—v)* dt 
Oo 0 - 
l x ὅ--ὰ 
= Fee DI | ate du | (2—u—v)t8t1h(v) dv 
{π 67 9}} J 


== reser | du | (wy 5(w—u) dw 
0 u 


1 


= Pope+2) [ (a—w)t8+! dw i a(u)b(w—u) du = Crs 941(2). 
0 0 


When r > 0,8 > 0, the argument is valid, by Fubini’s theorem, for all integrable 
a(x) and b(x). If a(x) and b(x) are bounded in every finite interval (0,X), it is 
valid for r > —1, 8 > —1: in other cases some reservations are needed.f 

The proof of (10.8.4) is similar but a little simpler. 


10.9. Euler summability. We must now consider the problem of 
multiplication for series summable by Euler’s and Borel’s methods. 
We recall the definition of summability (E,q): if, for small 2 and y, 

n+1 
fle) = Yaa" = Fa, HV" = Σ aerate, 
and. > a = A, then > a, is summable (E,q) to sum A. We have to 
add a further definition: if } af is summable (C,k), then we say that 
> a, is summable (Εἰ, q; C, k). 
7 Compare the note on §§ 5.14—-15. 


10.9] MULTIPLICATION OF SERIES 237 
THEOREM 184. If > a,, = A (E,q), > 6, = B(E,q), then 
> Cp = AB (E,q; C,1). 
" fe) = VaPqtiery™, g(a) = Y OP(q+1)" hy, 
h(x) = Σ᾿ P(g 1)Ptty? +, 

then the series are absolutely convergent for small x and y, and 
J (x)g(x) = xh(x). Hence 

Σ P(g+ VyPy? = (4-Ε1)(1 - 4") Σ ag Lyry™ Σ δι (4 -Ἐ D)"y", 
(10.9.1) ΟΣ ΡΥ = (g-+1) ¥ aPY™ > δ|Ωγ"- ΑΥ̓͂ Σ aY™ Σ Ye, 
where Y = (q+1)y. It follows that 

op = (q+ th > ale τα > _ a? = (q+1)G,—9@,-1, 


say (with G_,=— 0). Since }a® = A, > δ(8) = B, it follows from 
Theorem 164 that > G, = AB (6, 1), and from Theorem 47 that 


> Go-1 = 0+G+... = AB (C, 1). 

Hence > = q+1—q)AB = AB (C, 1). 

It is plain that, if we use Mertens’s theorem instead of Cesaro’s, we 
obtain 

THEOREM 185. If > a,, = A (|E,q|), 1.6. of > ai converges absolutely 
to A, and > b, = B(E,Qq), then } c, = AB (Ε, 4). 

On the other hand, if we suppose A, B, C all summable (ΕἸ, 4), and 
make Y -> 1 in (10.9.1), we obtain C = } ci? = AB, and so 

THEOREM 186. Jf A, B, C are all summable (E,q), then C = AB. 


10.10. Borel summability. The facts concerning Borel summa- 
bility are a little more complex, since there are two definitions, and 
since the series @)+a,-+... and a,-+a,-++... need not behave similarly. 
We state our results in terms of the integral definition, leaving the 
variants for the exponential definition to the reader. 

If Borel’s integral is summable (C, x), in the sense of § 5.14, we say 
that > a, is summable (B’; C,k). We begin by proving that 


(10.10.1) Ajta,t+a,+... =A (B’; C,k) 
implies 


(10.10.2) Ay+Q,+a5+... = A—d, (B’; C,k+1). 
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In fact, if a(t) = Σα,: nap ~, then 


(10.10.3) 


ef -- εἶ e-“a(u) du. 


| 
| 
Q 
Φ 
ὌΝ 
---.-γὦ 
EE, 
μ- 
] 
baal > 
ae 
ὰ 
: ΞΘ 
Ξ 
e 
= 
ir 
TE 


Also (10.10.1) implies 
Ayta,ta,+...= A (B’; C,k+1). 
Hence the second term on the right of (10.10.3) tends to A, while the 


last term is O(¢-1); and (10.10.2) follows. 
We can now prove 


THEOREM 187. If > a,, and > 6, are summable (B’) to A and B, then 


(10.10.4) O+e,tc,+c.-+... = AB (B’; 6,1) 
and 
(10.10.5) Cote, +c.+... = AB (B’; C, 2). 


By Theorem 181, with r= s = 0, 
fe 4: [« (¢)b(a—t) dt = fd i efa(t) .e-*+b(a—t) at} -- AB (C, 1). 
0 0 


The inner ca as on the left is 


fre—ona— > latte = Deh 


» 
Hence fe ee ἔπη = = AB (6,1), 


which is (10.10.4); and ae is now a corollary. 

It is plain that, using Theorems 179 and 180, respectively, instead of 
Theorem 181, we can prove the following two theorems. 

THEOREM 188. If (in addition to the hypotheses of Theorem 187) 
[ ela(t)| dt < 00 (ἰ.6. of A ἐδ absolutely summable), then 


O+cytce,+... = AB (B’), Coteyte.+... = AB (B’; C, 1). 


TuroreM 189. If > a,,, > 6,, and > c, are all summable (Β΄), then 
C = AB. 
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10.11. Dirichlet multiplication. Suppose that A, >0, μοὸ > 0, 
and that the sequences (A,,) and (y,) increase strictly to 00; that (v,) 
is the sequence (A,,-++-,,) arranged in ascending order, equal sums A,, +n 
being regarded as giving one v,; and that 

Cp = am Nes bn. 

Then we call C = > c, the general Dirichlet product of A and B. If 
Am = πὶ, μῳ Ξε ἢ, then the rule reduces to Cauchy’s; if 4,, = logm, 
μῃ = logn, to the rule defined by (10.1.3), which has many applications 
in the theory of numbers. The general theory of Dirichlet multiplica- 
tion demands a detailed study of Riesz’s ‘typical means’ defined in 
§ 4.16. We confine ourselves here to the generalization of Mertens’s 
theorem. 


THEOREM 190. If A is absolutely convergent and B convergent, then the 
general Dirichlet product C of A and B is convergent, and C = AB. 


᾿ς For 

OC = C= a b = a = a B ) 
i Zn? Lees Oe Lees ode ἡ ΣΝ aa 

where N = N(m,>p) is the largest n for which p, < vp—d,,} ie. 


pin<vp—Aw 
Then £,,,p is uniformly bounded, (10.11.1) uniformly convergent, and 


10.12. Series infinite in both directions. We end this chapter 
with a short discussion of the multiplication problem for series infinite 
in both directions. The problem is a good deal more difficult than the 
problem for ordinary series, since the general term of the product series 
is usually itself an infinite series. We shall have to consider two different 
definitions of the sum of a series over (—00, 00), and two different rules 
for multiplication. We shall find it convenient to vary our conventions 
concerning sums written without limits. A sum > a, without limits will 
run over all integral n, and we shall write Σ᾽ a, and >~- a, for sums over 
positive and negative n, so that 


Dd Gy, = M+ Yta,+ d-a4, 
when the series are convergent. 
If 


10.12.1 A ,— a A 
( ) N,N es n> 
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when NW and N’ tend to oo independently, then we shall say that A is 
unrestrictedly convergent. In this case the series }+a, and >~a, 
converge separately, and a, -> 0 when [Ὁ -Ὁ 00. 

If 
when Ν ->0, we shall say that A is restrictedly convergent. In this 
case δ᾽ (ὦ, ἜΘ. ,) is convergent, and a, +a_,,—> 0; but there is no limita- 
tion on the order of a, and a_,, separately. | 

We define the product of two series A and B in one or other of two 
ways. 


(1) Laurent multiplication. The formal product of two Laurent series 
A(x) = > a,2™, B(x) = > b,x", 
arranged in powers of 2, is 


C(x) = dicpx?, 
where 
(10.12.3) Cy = Σ Anby = FY Om Op-m = > A%-n On-t 
mtn=p | 

The rule for Laurent multiplication of A and Bis obtained by putting 
z = 1, so that Cis > c,. | 

(2) Fourier multiplication. There is another rule which is particularly 
adapted for restrictedly convergent series (and which we shall use only 
for such series). If we write 


A(6) = > a,,cos mO = fag+ > + αν cos mé, 


10.12.4 

( ) Β(ΘῚ = > δ,,οοβηθ = 48)+ ΣῚ B,,cosnd, 
where 
(10.12.5) On == Om t+Om By = bn +b_, 


(so that a9 = 209, By = 2b, and «,, and 8, are even), multiply A(6) and 
B(6) formally, and use the addition formulae for cosines, we obtain 


(10.12.6) Ο(θ) = dc, cos pd = fyo+ D+ yp 9082, 
where Cp=4 Σ 4,5,,T 
Min=p 
(10.12.7) 
Yo = 20 = eel” bn» Yp = Cy ΤΟ.» = a τ bn (p > 0). 


Thus y, is the sum of the products a,,b,, on the two lines m-Ln = 0, 


+ These are sums over (—00, 00): we do not use the convention of ὃ 5.4 here. 
¢ It would be equally natural to define c, with min = —p, but we shall always 
associate c, with c_y. 


10.12] MULTIPLICATION OF SERIES 241 


and y,, for p > 0, is half the sum of the products on the four lines 


m+n+tp = 0, the points of intersection of these lines being in either 
case counted twice. 


The rule for Fourier multiplication is obtained by putting @ = 0 in 
A(@), Β(θ), and C(@). Thus 


(10.12.8) A = font Ytom, B=4Bot S+B,, C= dot Dt rp: 
where 
(10.12.9) 


Yop Ὁ 409 By +4 ΣΤ Om(Bm—p +Bin+p) = $Byay th >* Br(On—pt%nsp)s 


and in particular 


(10.12.10) ) Yo = ξαυ βο- Σ΄ Om Bm- 


Our work so far is formal. Whichever definition we adopt, c,, or yp, 
is defined by infinite series which need not converge. For example, if 


ἄρ = by = 0, an = Om = (—1)™\m|-* (m ΞΞ 0), 
then the definition (10.12.8) gives 
Cy = (—1)? Σ΄ |m|*|p—m|- 


(where the dash implies omission of the terms m = 0 and m = p), and 
the series diverges for every p. 


10.13. The analogues of Cauchy’s and Mertens’s theorems. 
It is plain that Cauchy’s theorem for two absolutely convergent series 
stands unchanged, for either rule of multiplication, and we need only 
consider the analogue of Mertens’s theorem. Here we must distinguish 
between the two rules. 


THEOREM 191. If Ais absolutely, and B unrestrictedly, convergent, then 
the Laurent product C is unrestrictedly convergent, and C = AB. 


It is plain first, since A is absolutely convergent and ὃ, bounded, that 
the series for every c, is (absolutely) convergent. Also 


Pp P 
C = Cc, = a,,6 
ἘΣ pp ᾿ oP mite ἐδὼ 


P-—m 
= > am ὃ, = > Om Bm,P,P’s 
m=—-0 n=—P'—-m 
say. Since 8,, pp: is uniformly bounded, this series is uniformly con- 
vergent, and 

Cop > >a, limB,, pp = B> a, = AB. 


4780 R 
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The theorem becomes false if ‘unrestrictedly’ is replaced by ‘restrictedly’ in 
hypothesis and conclusion: the hypotheses do not then involve even the existence 
of c,. Thus, if 


Om =0(mM <0), ay = m2 (m>0), b= 0, ba = —bn = 2" (n > 0), 
then A converges absolutely to 473 and B converges restrictedly to 0, but 
Co = — Dt 225 = — ov. 
The corresponding theorem for restrictedly convergent series is 


THEOREM 192. If A is absolutely convergent and B restrictedly con- 
vergent, then the Fourier product C of A and Bis convergent,and C = AB. 


In this case 
P P 
(10.13.1) Cp = ΣΟ ΞΞ 2γ0. Σ Yo > 4 22 Bm Ons 


where D is the infinite cross defined by |m-+-n| < P, and products 
corresponding to points of the square |m|+|n| < P are counted twice. 
Now, if | 

Un = ξα, Vn, = 3Bn» U= > Um» V= > Un» 
then U is absolutely and V unrestrictedly convergent, so that, by 


Theorem 191, their Laurent product W = > w, is (unrestrictedly) con- 
vergent, and W = UV. Also 


| P 

10.18.2) Wp = = = b,+6_n), 
(10.18.2) Wp = Say = YY inte =F DE (α,Ἐα, ο)ϑ,:Ε6..) 
and a moment’s consideration shows that Cp = Wp. Hence 


Cp -> UV = AB. 


10.14. Further theorems. There is a theorem for Laurent multi- 
plication corresponding to Theorem 175, viz. 


THEorem 193. If a, = 0(1) when |n| oo, and > |nb,| <0, then 
Cpp—BApp—>0. In particular, if A is unrestrictedly (restrictedly) 
convergent, then C converges unrestrictedly (restrictedly) to AB, 


and a similar theorem for Fourier multiplication of restrictedly con- 
vergent series, which we leave to the reader. 

The analogue of Theorem 169 requires more careful consideration. 
The most satisfactory statement is in terms of Fourier multiplication. 


THEOREM 194, Jf «,, = O(|m|-4), 8, == O(|n|-), and A and B are 
restrictedly convergent, then the Fourier product of A and B converges to 
AB. 
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First, after (10.12.9), y, is the sum of two series of the type 


Σ o( 1 1 
[m|+-1 |m—p|-+-1 
These are absolutely convergent, and their sums tend to 0 when p -> 00. 
Next, after (10.13.1) and (10.13.2), 
Cp=t > Σ OmPBn = 1(Π|--12.- 19), 
lIm+nj<P 


where 7;, 7;, T; extend over the ranges D,, D,, D; defined by 
|jm|+|n| <P; |m+n| <P,m—n>P; |m+n| < P,m—n < -- 
respectively. Now 17, = > Σ anBr 

Dy 


where D; is the positive quarter of D,; terms on the axes are multiplied 

by 4, and af, by }. This sum is the partial sum of the Cauchy pro- 

duct of ξα,- ΣΤ α,, and $8,+ >+8,, and hence, by Theorem 169, 

47, -» AB. It is therefore sufficient to prove that 7, and 7, tend to 0. 
We take 7. We have 


Mt r m—P-1 co P-m 
a a a Σ βι 
P P+m co) m+P 
- Σ Cm > Bat > Om > Br = Vi+k, 
m=] n=P-m+t+l1 m=P+1 n=m-P 
say. First 


y=(¥ 4757. ἐ eS" og PML pp 
1 pa ἘΝ Σ ἘΣ Σ Om > Bn 1 oy 1 ae | 
1 ὃ Poa! “n=P—m4+1 


Here 0 <6 < 3 and ἡ is large enough to make 
|> 6, <¢ 


for ng >, > ἢ; we also suppose that δ and ἡ are not integers and 
that ὃ < P—7». Then . 


ya dP 1 P+m ] dP 1 ei 

=— O _ —— | = —,—]}] — 

: (> m-+1 » n+ ἢ (> 1] (0) 
m=1 n=P—m+1 m=1 


Ῥ--ἢ ζ l 
uniformly in P; γνῷ) — οί > =} = ot log 5) 
uniformly in P; and 
P 
" 
γνῷ)... το τ ee 9 ie, 
7 οἱ Σ ani) (3) 
Ῥ-η 
We can make V® and V{) as small as we please by choice of δ, ζ, and η, 
and γ(8) -> 0 when ὃ, ζ, and n are fixed. Hence V, -> 0. 
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The discussion of J, is similar. We write 


m+P 
= ΕΣ ἘΣ +3 )am Σ Pa = VPLVP+®, 


m=P+1 ΝΣ n=m — 
where A > 2. Here 


a (> πῆι mel = => 0(? > πὴ 7 o(5): 


uniformly in P; and ΚΟ) and V{) may be treated like V{ and V{?) 
respectively. Hence V, > 0: 


P+ 


and this completes the proof. 

It is plain after § 10.12 that there is a corresponding theorem for Laurent 
products, viz.: if dy, = O(|m|-!), b, = O(|n|), and A and B are unrestrictedly 
convergent, then the Laurent product C of A and B converges restrictedly to AB. 
This assertion becomes false if either ‘unrestrictedly’ or ‘restrictedly’ stands in 
both hypotheses and conclusion. If 

= (m-+2)-Mflogim+2)}%, by = (2—n)“*Hflog(2—n)}#, 
where c > 0,0 < p< },m>0,n « 0, anda, and 6, are 0 when m < 0,n > 0, 
then the hypotheses are peo with ‘ unrestrictedly’, but [ΟΡ] > H(log P)?-*, 
so that C is not unrestrictedly convergent. If ag = by = 0, Gq = bm = m7} for 
m + 0, then the hypotheses are satisfied with ‘restrictedly’, and 4 = B = 0; 
but cy = —4}r* andc, = 6.9 = —2/p*for Ὁ τῷ 0, so that C converges (absolutely) 
to --πὸ 4 AB. 

There is also a theorem corresponding to Theorem 173, viz. 

THEOREM 195. If A and B are restrictedly convergent, 

P>l, 43:1,  ZlmPfan?<«, ΟΣ |n|t]b,|¢ < οὐ, 
then the Fourier product C converges to AB. 

We leave the proof to the reader. 


10.15. The analogue of Abel’s theorem. It is natural to ask 
whether there is an analogue of Abel’s Theorem 162, 1.6. 
(1) whether the unrestricted convergence of A, B, and their Laurent 
product C necessarily imply C = 48. 
(2) whether the restricted convergence of A and B, and the con- 
vergence of their Fourier product C implies C = AB. 
Miss S. M. Edmonds, however, has constructed an example which 
shows that the answer to both ως is negative.{ In this 


a,= m-*sinavm (m > 0), =0 (m<0) ὄρ, Ξε α.,» 
t The second example οὗ ὃ 10.14 shows that, when A and B are only restrictedly 
convergent, their Laurent product C may converge, even absolutely, to a sum different 
from AB. 
~ Miss Edmonds considers only Laurent products, but the assertion about Fourier 
products is a simple corollary. 
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so that A = B = ΣῈ m-tsinavm; the Laurent product converges to 
43. 2 and the Fourier product to A?-+-1. 


There is no very simple analogue of Cesaro’s theorem, even when 
r=s= 0. 

NOTES ON CHAPTER X 

§ 10.2. Theorem 160 was first stated explicitly and proved satisfactorily by 
Cauchy, l.c. under § 1.1, 147. 

Theorem 161 was proved by Mertens, JM, 79 (1875), 182-4. The negative 
remark which follows the proof is due to Schur (l.c. under ὃ 3.2). I have stated 
the proof in a way suggested to me by Miss ὃ. M. Edmonds, and arranged the 
proofs of Theorems 167, 190, and 191 on similar lines. 

Theorem 162 is contained in Abel’s memoir on the binomial theorem, JM, 1 
(1826), 311-39 (317-18) [Guwvres (1), ed. 2 (1881), 219-50 (226)]. 

δ 10.3. Cesaro, BSM (2), 14 (1890), 114-20, proved Theorem 164 for integral 
rand s. The extension was made independently by Knopp and Chapman (l.c. 
under § 5.5.). 

Theorem 167 was proved, for integral r, by Hardy and Littlewood, PLM S (2) 
11 (1912), 411-78 (Theorem 35), and for general r by Hardy and Riesz, 65 (where 
it is extended to Dirichlet multiplication). The theorem for integral r is included 
im & more general theorem published a little before by Fekete, MTE, 29 (1911), 
719-26, to the effect that if r and 8 are integers, A is absolutely summable (C,r) 
and B summable (C,s), then C is summable (C,r-++s). This in its turn was 
extended to general r and s by Kogbetliantz, BSM (2), 49 (1925), 234-56: see 
also Winn, PE MS (2), 3 (1933), 173—8. For the notion of absolute summability 
see the note on §§ 6.5-6. 

δ 10.4. Theorem 169 was first proved by Hardy, PLMS (2), 6 (1908), 410-23, 
and has since been generalized, and the proof simplified, by a number of writers. 

Theorem 170 is due to Neder, ibid., 23 (1923), 172-84 (except that Neder has 
ἡ = ζ = }2). The proof here follows Hardy, PCPS, 40 (1944), 251-2. Inter- 
mediate theorems, and generalizations in various directions, will be found in 

Hardy, PEMS (2), 10 (1912), 396-405, and JLMS, 2 (1927), 169-71; 

Rosenblatt, BAP (1913), 603-31, and DMV, 23 (1914), 80-4; Landau, DMV, 

29 (1920), 238; 

Broderick, PLMS (2), 19 (1921), 57-74, and 22 (1923), 468-82. 

Some of the generalizations in these papers concern Dirichlet multiplication 
(§ 10.11). 

In the first of his two papers Rosenblatt proves that if r > 0, s > 0, A is 

summable (C,r) and B summable (6, 95), and | 

Ar-1 = O(m'-}), Bs-1 = O(n*-}), 

then C is summable (C,r+<8). This result reduces to that of Theorem 169 when 
r = 8 = 0 and we interpret A;1 and By! as a, and b,. But this (as is suggested 
by the proof of Theorem 169 in the text) is not the best result. For A, being 
bounded (C,r—1) and summable (C,7), is summable (C,r—1-+8), by Theorem 
70; and similarly B is summable (C,s—1-+8). Hence, by Theorem 164, C is 
summable (C,7-+s— 1+ 28), i.e. by all means of order greater than r+e— 1. 

Hardy and Littlewood, 1.6. under § 10.3 (464—6), show that if α and B are any 
numbers less than 1, there are convergent series A and B, with a,, = O(m-*), 
ὃ, = O(n-4), whose product is divergent. 
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§ 10.5. Theorem 173 (with the generalization to Dirichlet multiplication) 185 
proved by Hardy and Littlewood, MM, 43 (1914), 184-47 (137). 

§ 10.6. Pringsheim, MA, 21 (1883), 327-78 (360-71). The proof here, which 
is simpler than Pringsheim’s, was given by Hardy in the first paper quoted under 
§ 10.4. See also Bromwich, 94-5. 

§ 10.7. Theorems of this kind were first considered by Rajchmann, Comptes 
rendus Soc. Sc. de Varsovie, 11 (1918), 115-52: see Zygmund, MZ, 24 (1926), 
47-104 (especially 48-65). We have sharpened the conditions. Rajchmann and 
Zygmund consider series infinite in both directions: see § 10.14. 

§ 10.8. Bohr, Oversigt over det Kongelige Danske Videnskabernes Selskabs 
Forhandlinger (1908), 213-32, proved Theorems 178, 17 9, and 180, and the case 
r = 8s = 0 of Theorem 181. Chapman, 1.6. under ὃ 5.5, proved Theorem 181 
generally. 

§ 10.9. Knopp, MZ, 18 (1923), 125-56 (130-1), proves a theorem which, when 
combined with his theorems of § 8.3, gives the substance of the theorems here. 

§ 10.10. Borel, 131-5, proves that the product of two series absolutely sum- 
mable in his sense (i.e. regularly summable in the sense of § 8.6) is absolutely 
summable. Hardy, QJM, 35 (1903), 22-66, proves Theorem 189 and a part of 
Theorem 188, viz. that C is summable if A is absolutely summable in Borel’s sense. 

Theorem 187 is due in substance to Doetsch, Dissertation, Gottingen, 1920. 
Doetsch works in terms of the exponential definition, saying that A is summable 
(B, k) if e~* A(x) — A (C,k), and proves 

¥ adn = A(B,r).> 6, = B(B,8) > > cy = AB(B,r+s+1). 
In particular the summability (B) of A and B implies the summability (B, 1) of 
C. It is easy to prove that the assertions 
Agta,+... = A (Β,1), Q,+a,+... = A—d, (B’; C,1) 
are equivalent, and to deduce that Theorem 187 is equivalent to the case 
r = 8 = 0 of Doetsch’s theorem. 

Sannia, RP, 42 (1917), 303-22, generalizes the definitions differently, but his 
conclusions concerning multiplication are incorrect. 

§ 10.11. Theorem 190 is due to Stieltjes, NA (3), 6 (1887), 210-15. Many 
examples of the use of the theorem will be found in Landau, Handbuch, 673 et seq., 
and in Ramanujan, 7'CPS, 22 (1918), 259-76 (Collected papers, no. 21). 

For fuller information concerning Dirichlet multiplication see Hardy and Riesz, 
ch. 8; Landau, RP, 24 (1907), 81-160, and Handbuch, 750-67; and the papers 
quoted in the note on § 10.4. 

A particularly striking theorem is that when A,, = logm, μῃ = logn, vy = log p, 
the convergence of A and B implies that of } p-tc,. This was stated without 
proof by Stieltjes, and proved by Landau, l.c. supra. Landau, RP, 26 (1908), 
169-302 (265-6), proved that > p-*c, is not necessarily convergent for all positive 
g,and Bohr, WS, 119 (1910), 1391-7, that the index 4 cannot be replaced by any 
smaller number. 

§§ 10.12-13. The problem was considered first by Chapman, QJM, 44 (1913), 
219-33 (for Laurent multiplication). He proves Theorem 191. 

§ 10.14. The first theorems of the type of Theorem 193 were those of Rajchmann 
and Zygmund: see the note on § 10.7. The other theorems of this section are 
referred to by 8S. M. Edmonds, l.c. infra, but have not been published before. 

§ 10.15. S. M. Edmonds, JLMS, 17 (1942), 65-70. 


XI 
HAUSDORFF MEANS 


11.1. The transformation 5. In this chapter we shall be concerned 
with a class of transformations which includes a number of those studied 
in earlier chapters, and in particular those of Cesaro, Hélder, and Euler. 
The theory depends upon the properties of the special transformation 


m 
(11.1.1) t, = Ams, = > (—19"() an 
n=0 
We shall denote this transformation by 
(11.1.2) = 08, 
and the matrix 
1 0 0 
1 - ΕἹ 
11.1. 
( 3) 1 —2 1 


associated with it by [δ]. 
THEOREM 196. ὃ is its own reciprocal : if t = 8s, then 8 = δί. 


Thus 66 = I, where I is the identity t,, = 8,,- 
For, if t,, is defined by (11.1.1), then 


amt = > (απο δι τ ὴ > (1 (Ms 


n=0 n=0 
= ΣΟ Σ 00 = Dro rt) 
St) Σου 7)-- 

we ()=(Y(t2) e<ecnem 


and the inner sum in the last line is 1 if p = m and 0 otherwise. 
It follows from the formulae of ὃ 1.3 (4){ that if 


Cm -----.-., y= ———-, s(x) = > S, 2", t(x) = > t, 2", 


then (l—zx)s(x) = t(y). 


t Symbolically, ἐς = (1—Z)"s, A™t, = {1—(1—E)}™s, = Es, = 8,,. 
{ Changing the sign of z and replacing a, and b, by (— 1)"s, and t,. 
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Theorem 196 shows that this implies (1 --“) (4) — s(y), a8 may be veri- 
fied directly. We have also seen in § 9.6 that if 


S(2)= SF, Te) = >a, 


!? n! 


then e-*S(x) = T(—x), and Theorem 196 shows that this is equivalent 
to e-*7'(x) = S(—z) (as again may be verified directly). 


11.2. Expression of the (E,q) and (C, 1) transformations in 
terms of ὃ. The (E, 4) mean of s,, was defined by 


1 ww μὲ 
ἑν. = >——_ ah 85 
m= rir Σ (ne " 
and (8.3.5) shows that 
A"ty = (¢+1)-"A"s,. 
Hence, if we write A”s) = u,, A"ty = v,, and denote the diagonal trans- 
formation ἕξι = [4m Sm by μ, then we have t = δυ, v = pu, u = $s, and so 


(11.2.1) | t = ds, 
where | 

(11.2.2) A = ὃμδ, 
(11.2.3) μῳ = (g-+1)-". 


Next, if ¢,, is the (Ὁ, 1) mean of s,, so that 


then | A", = > (—(; ἜΝ ς 8; = Σ $1 51, 
i=0 1=0 


k=0 


ἊΝ _ayel”\ 1 
where φι = > 1) Alesse 
But this sum, written from J = n downwards, is 
(—1)" m+, (n\n+1 |) oe -[τῇ τ΄ 
n+l [-- (es +(3\ee = μας a) = n+l 1 [Τὶ 2 , 
the series being continued for n—1-++-1 terms; and hence 
_ (=I) (n 


{ The sum of the first p coefficients in the expansion of (1—z)"* is the pth coefficient 
in that of (l1—2)". 
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Thus AM, = τὰ ie (; Ju= oy , A%so; 


and it follows again that the transformation can be expressed in the 
form (11.2.2), with 


(11.2.4) μι = (n+1)-1, 


11.3. Hausdorff’s general transformation. We call the trans- 
formation 


(11.3.1) t = (8u5)s = As, 


where p is any diagonal transformation, a Hausdorff or § transforma- 
tion, and its matrix an § matrix. Thus the (E,q) and (C,1) trans- 
formations are § transformations. We shall use §, or (ᾧ, μ) for the 
transformation, [Ὁ] or |, «| for its matrix. 

If § = ὃδμδ, §’ = ὃμ' ὃ, then 
HH! = δμδδμ' ὃ = ὃμμ' ὃ = δμ'μὸ = 5'΄ 5. 
Thus | 


THEOREM 197. Any two ᾧ transformations are commutable. 


Conversely, suppose that y = 58 is a given § transformation; that 
the numbers p, are all different; and that λ is any transformation com- 
mutable with y. If w = δλδ, then A = 5wd. Also μ = ὃγδ. Hence 

mp = δλδδγδ = δλγδ, por = δγδὸλδ = Syd; 
and Ay = yA, by hypothesis, so that 
(11.3.2) τ΄μ == pw. 
If τ΄ is tn = > Smn en 
then (11.3.2) implies 
Σ mn bn Sn = Um > Cmn Sn 


for all s,; and since μι, 4 4, when m σὲ n, this implies that c,,,, = 0 
when m #4 n. Hence τὸ is a diagonal transformation, and A = 5w8 is an 
§ transformation. 


The condition on y is satisfied by the (Ὁ, 1) transformation. Hence 


THEOREM 198. The class of $ transformations is that of transformations 
commuitable with the (C, 1) transformation (or any other Ὁ transformation 
all of whose p,, differ). 
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It is easy to determine the coefficients in any § transformation in 
terms of its y,. For, using u, and v, as in $11.2, we have ¢ = 8, 1.6. 


i, = S τρία J arts = > τυ nA 


-> (—u(" }an > (- ("ls =D tno? i 


tg = (PD, (—1(7 a = οἷν (7) 2 με Pn 
= (7) 3 ὁ (Phase = (™) AMM 


and so, writing n again for p, 


m 
n= S (Carnes 
THEOREM 199. The general § transformation is 
(11.3.3) tn = Σ Arn Sas 
where 


(11.3.4) Man = (7) A”™-"u, (nm « πηι), 0 (n>~m). 


We shall write 


-- 


(11.3.8) μι.» = ΔΡμ,, 
so that 
m 
(11.3.6) Amn a ΓΟ (0 « ἡ - τη). 


11.4. The general Hélder and Cesaro transformations as ἢ 
transformations. We denote the (H, &) and (Ὁ, &) transformations by 
ΗΟ and C®), as in §5.9, and write H and C for H® and C®: H® is so far 
defined for k = 0, 1, 2,... only, and H™ = Hi’, 1.6. the result of & repeti- 
tions of H. 

If A = ὃμδ, λ' = ὃμ' ὃ then 


AN’ = δμδὸμ' ὃ = ὃμμ' ὃ. 
It follows that H™ is the § transformation corresponding to 


μη, = (n+ 1)-*, 
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On the other hand, it is not obvious that C™ is an § transformation, 
even when k is an integer. We proceed to show that it is one, and to 
determine the portvepondins Pn: 

In this case — 


ae Cry: > eo. 
A"t, = Σ (2 1") 
= Sr PSOE an See 


q=0 
where 


YS yy (PTA \ (Pa +k] 
tra = > ( ΠῚ 
= Tip—qt+k) ἑΚ Κ ΟὃΘὅὃὁ 
τ ot) > (ιν P(n—p+1)0(p—4q+ 10 (p+ k+1) 
Tan eet 
P(m—qtIP(nt+k+1)\ im—q+k—1) 
ge id DE a =. 
1.2(n—q+k—1)(n—q+hk—2) J 
Tin—q+k) —— T(—n-+q—k+1)P(n+1) 
P(m—gtllm+e+l) T(—k+D0@+)) 


“ον py 
Hence At, = ew Σ (—1)2 (") 8 = ey "Ans oyt 


and the transformation is an § transformation with 
n+k\-1 
bn = k ° 
Thus 


THEOREM 200. The H™ and C transformations are § transformations, 
with 


Ν 1 _ [nt+k\" 
(11.4.1) mop ma (E) 


+ By Gauss’s formula for the sum of the hypergeometric series F(a,8;y;1), and the 
equation I'(a)I'(1—2z) = mcosec x7. It is convenient to suppose k non- -integral in making 


the calculations. 
+ This is (9.6.9): the proof there was less direct. 


= (—1)rkD(n+1) 


== (—1)"kT(n-++1) 
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Theorem 200 has been proved for all & for which we have defined the 
Holder and Cesaro means, i.e. for k = 0, 1, 2,... in the first case and 
k > —1 in the second. It leads us naturally to define H™, for non- 
integral k, as the § transformation with μι, = (n-+1)-*. We shall see 
later (§11.11) that the two systems of means are then equivalent for 
allk > —1. 


11.5. Conditions for the regularity of a real Hausdorff trans- 
formation. In order that the transformation 
(11.5.1) bin = > Cin 8, 
should be regular, it is necessary and sufficient, after Theorem 2, 
(1) that 
(11.5.2) Yn = = Cah = 


where K is independent of m; (2) that 
(11.5.3) 3 Cnn > 0 

for every n, when m — oo; and (3) that 
(11.5.4) a 2, Can > 1 


when m->oo. We have now to interpret these conditions, for an § 
transformation, in terms of μι. We suppose μη real. | 

If s, = 1 for all n, then u, = As, and v, = p,,U, are 1 and py 
respectively for n = 0 and 0 for n > 0, so that t, = A”v, = py for all n. 
Hence 


(11.5.5) S (7 enn = Ho 


n 
n=0 
(as may, of course, be verified directly), and (11.5.4) reduces to 
(11.5.6) fo = 1. 
Thus the conditions (11.5.2), (11.5.3), and (11.5.4) are 
— /m 
(11.6.7) My = >, (7 mal < ΚΕ, 
(11.5.8) μι >0 (n=0,1....), 
(11.5.9) fo = 1. 


We proceed to analyse the meaning of (11.5.7), and to show that, when 
it is satisfied, (11.5.8) may be replaced by a simpler condition. 


{ For example, 


> (™)am—"p, ΕΞ Σ (7) Am" B"H, = (A+ EF)" = pMo- 
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11.6. Totally monotone sequences. In the sections which follow 
we shall be concerned with real sequences only. A sequence (φ,) will 
be said to be totally monotonet if 
(11.6.1) ΔΡῴ, > 0 
for ἢ = 0, l,..., p = 0, 1,..... Thus 

Re eos {αὶ 
n+l (n+1)(n+2).. (n+ p+l)~ 
80 that the μῳ of the (6, 1) transformation is totally monotone. If Ln 
is totally monotone, then py m1, = Δῆμ, > 0, and 


(11.6.2) Mn ἘΞ > "τ = Fo» 


by (11.5.5), so that (11.5.7) is certainly satisfied. Analogy with the 
theory of functions or sequences of bounded variation (an analogy 
which we shall find to be closer than appears at first sight) then suggests 
the truth of the following theorem. 


THEOREM 201. Jn order that a real p,, should satisfy (11.5.7), it as 
necessary and sufficient that 
(11.6.3) = a,—B,; 
where a, and B,, are totally tn a 

It is obvious that the condition is sufficient, by (11.5.5), and we have 
to prove it necessary. 

We write (Hu, = u,,, and) 


= U 


E, Unn = Unt, p> Ke U n,ptl° 


Then | i 
(41.6.4) μη,» = AP iy = (H +A)A? x, = AP ins +A? tp, 
iF PnsiptPnpt <= (L,+£2)bnp 


and 
(11.6.5) lHnpl S en+ip|+lMap+! 7 (E+ £2)| bn pl- 
If | 
| —./m — (m 
(11.6.6) en,p,m = Zz { nteater een = ya (7 niet ὃ 
[= r= 
then 


(11.6.7) L-nom = > (" ) ms ΠΣ μη τ- (£,+H,)" Pap = βη,»» 
r=0 


mM m . 
(11.6.8) FT nega = ES EP | tn pl — (H+ £,)™| ban p| = ἱμ,» 1» 
Υ̓ 


r=0 


t More properly, perhaps, ‘totally decreasing’. A sequence such as (¢,) = (e”), in 
which A?¢, has the sign (— 1)”, might be called ‘totally increasing’. 
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by (11.6.4) and (11.6.5). Also 
(11.6.9) Poom = UM, < K, 
by (11.5.7). Now 
μῆνα = (E+ E,)"| Pnp| < (y+ 4a)" μ, οὶ = Ln n,p,m+1? 
by (11.6.5), so that 4,» Increases with m. Also 
μῆ,ρμη = (ὦ Ὁ EA)" bap] = (At ΠΕ  ΕΥ FR |H,01 


< ey (E,-+ By)" BP ER lpg o| 


n+p 
< (4,1 £,)™ > ("5?) ms +P" ΠΣ |Ho0! 


r=0 
= (H,+ H,)"(H\+ B,)"*” |Y99| = (ὦ -Ὁ £2)"t? *™ | Mo ol 
δὰ L3,0,n-+p+m = Mn aptm S K, 
by (11.5.7). Hence 
(11.6.10) ae -Σ ΜᾺ LM pnp, = pea 


say, when m->oo. Also in = |Hapml ΞΞ tnpm by (11.6.7) and 
(11.6.8), and so 


(11.6.11) Pap < Pap: 

In particular 

(11.6.12) le¢nl = lHnol < Hao = HE, 
say. 


Next μὲ ρει = (5.-. ΕΣ es == τ Vino ans 
by (11.6.8), and so 
Pe pti τὰ πεν 

Hence, making m - οὐ, 

πὰ =, Ln p—PntLp fe Api» 
and 80 μὲ, = APung = ΔΡμᾷ, Thus 

ἱδΡμ, = ἱμᾳ,,οἱ Ξ = = AP un 
Hence, finally, if we write 

n= 3(uR+Hn): Bn == S(un—bn)s 

then Hn = %,—Bn,  APa, >0, APB, > 0, 


which proves the theorem. 
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11.7. Final form of the conditions for regularity. We now 
assume that condition (11.5.7) is satisfied, and use it to simplify 
condition (11.5.8). We shall prove that (11.5.7) implies (11.5.8) for 
n> 0. When n = 0, (11.5.8) is 


(11.7.1) Δῆμ, > 0; 


and this, which is not a consequence of (11.5.7), must be kept as a 
separate condition. 


A sequence which satisfies (11.5.7) is the difference of two totally 
monotone sequences. It is therefore sufficient to prove that 


(11.7.2) Ann = (ies > 0 


when 7 > 0 and (y,) is totally monotone, so that Amn 2 9. It follows 
from (11.3.5) and (11.3.6) that 


Prm—n = Pnm—ntit bn+im—n 
(M+1)Ann = (M—N+Ansa nt (+1) Amsynty 
or (M+1)Ann—Amsia) = (+1 Ansinta—MAmsan 
Summing with respect to n, and writing 


Dine Ἐπ: Amott Amst +++tAm,n» 


we obtain 


(11.1.3). (M+1)(Amn—Amsan) = (+1 )dmerner > 0- 


Hence A,,,, decreases as m increases, and tends to a limit when m -> 00: 
and therefore λιν, = Amn—Amn-1 tends to a limit 1. In particular 
Ano --- Aino > Ly. Also, for nN = 0, 


n+l, 


Pm = VCO ay) Wenner ΓΝ m+1 n+ 


when m->0o, by (11.7.3), and > p,, is convergent, so that ἱ,, 1 == 0. 
Hence 


(11.7.4 Ano > Ip, (11.7.5)  Awn>O (n> 0). 


Thus (11.7.5), which is (11.5.8) for n > 0, is a consequence of (11.5.7). 
But there is nothing to show that J, = 0, and this condition, which 
is (11.7.1), must be retained. The sequence (1,0, 0,...) is totally mono- 
tone, but here A”y, = 1 for all m. 
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We have thus proved 
THEOREM 202. In order that the transformation ($, μ) should be regular, 


it is necessary and sufficient that (μ,.) should be the difference of two totally 
monotone sequences, that 


(11.7.6) Δῆμ > 0, 
and that 
(11.7.7) fg = 1. 


It is important to notice what follows from the main condition 
(11.5.7) alone, without the two subsidiary ‘normalizing’ conditions. 
We have then 


Cn, ΞΞ Am,0 > lo, Can = Kits >0 (n > 0), 
and > Cmn = μ for all m. Thus the conditions of Theorem 1 are 
satisfied, with 
89 = Io, δ, = 9 (n> 0), = Fo: 
The transformation preserves convergence (belongs to T,), and 
tm > Po 8 +L (8o—8) 
whenever s,, -Ὁ 8. 

The condition 2, = 0 excludes, for example, the sequence (1,0, 0,...), while 
μο = 1 excludes (2, 2, 2,...). Both exclude (2, 1, 1,...). The transformation defined | 
by the second of these sequences becomes regular (in fact the identity) when 
[tn is divided by 2. In the third, Δῆμο is 2 for m = 0 and 1 for m > 0; the trans- 
formation becomes regular if μοὸ is decreased by 1. The significance of these 


supplementary conditions will become clearer when we have proved Hausdorff’s 
theorem about the integral representation of μῳ- 


11.8. Moment constants. We call 
1 
(11.8.1) μη = [= dy,t 
0 
where y = x(x) is a real function of bounded variation in 0 < « «- 1, 
the moment constant, of rank n, of x. We may suppose without loss of 
generality that 


(11.8.2) x(0) = 0. 

If also | 

(11.8.3) x(1) = 1 

and 

(11.8.4) x(-+0) = x(0) = 0 


so that x(x) is continuous at the origin, then we shall call p, a regular 
moment constant. 


1 
The function x° is defined at 2 = 0 so as to be continuous. Thus py = | dx. 
μ 
0 
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If x(x) increases with x, then 
μη,» = Δῆμ, = [ od—ay dx > 0,f 


so that yu, is totally monotone. Generally, if P(x) and N(x) are the 
positive and negative variations of x(t) in (0, x),.then y(x) = P(x)—N(z) 
and 

Pn = f= dP— [= dN = «,—B,, 


where («,) and (8,) are totally monotone. 

The function x(z) may have an enumerable set of discontinuities, and 
the value of the integral (11.8.1) is not affected by any change in the 
value of x(x) at a point of discontinuity inside (0,1). In particular we 
may suppose that 
(11.8.5) x(x) = H{x(z—0)+x(x-+0)} 


for 0 <x <1, in which case we shall say that all discontinuities of 
x(x) are normal. The expression of μ,, as a moment constant is then 
if possible, unique. 
This follows from 


THEOREM 203. If 
μᾳ = [5 ἄχ, = [αὐ dys, 
where x, and x, are functions of bounded variation, vanishing at the origin 
and with normal discontinuities, then x, = χα for all x. 
It is sufficient to show that, if 
(11.8.6) [= dy =0 (n= 0,1,2....), 

x(0) = 0, and x(x) satisfies (11.8.5), then x(x) = 0 for all x. It follows 
from (11.8.6), with n = 0, that y(1) = 0. Hence, integrating by parts, 
η [αὐ χα) ἄχ -- 0 (n= 1, 2,...), 

and so [ x"y(x) dx = Ο for n > 0. And if we write 


x 


p(x) = | x(t) dt, 


0 
and integrate again by parts, we obtain 


(11.8.7) { ye) dz = 0 (n = 9, Leas): 


+ Here, when the limits of an integral are not shown, they are 0 and 1. 
4780 3 
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Since x(x) is continuous, there is a polynomial Q(x) such that 
[b—Q| < «for 0 <2 <1. Then, by (11.8.7), 


[γ᾽ 4 = [ ¥Qdet [ py—Q) de = {ψῴ--) de <e [ |p| de, 


and so, since ε is arbitrary, [ 2 dx = 0. Hence % = 0 for all x; and 
hence y = 0 at all its points of continuity. Since these points are dense 
in (0,1), and y(~—0) and χί(α- 0) exist for every x, it follows that 
x(~—0) = x(x-+0) = 0; and therefore by (11.8.5), that x(x) = 0. 

We now interpret the conditions (11.8.3) and (11.8.4) in terms of 
μᾳ. First, it is plain that (11.8.3) is equivalent to μο = 1, i.e. to (11.7.7). 
Next 
| Δαν: = [ (1—ax)" dP, A™By = [ (1---2)» dN 
are non-negative and decrease as m increases, so that 

Δ >a > 0, A™8, > b. > 0, Δῆμ > a—b. 
We can choose ἡ so that 0 < ἡ < 1 and P(n) < P(+0)+e; and then 


q 1 
Atay < J aP +(1—n) J dP < P(n)+(1—n)™P(1) < P(+0)+26 


for sufficiently large m, so thet a < P(+0). 
On the other hand, 


ἢ 
Δίκας > (1—n)™ | dP = (1--γπΡ(η)» P(+0)—e 


for ἡ < y(e,m). Hence A”a, > P(-+0), and soa > P(+0). 
Thus a = P(+0), and similarly ὃ = N(-++0). It follows that 


| Δῆμ. > P(+0)—N(+0) = x(+0); 
in particular (11.8.4) is equivalent to (11.7.6). 

Summing up, we have proved > 

THEOREM 204. Any moment constant p.,, is the difference of two totally 
monotone sequences. The moment constant of an increasing x is totally 
monotone. 

THEOREM 205. In order that a moment constant μ,, should satisfy the 
conditions of Theorem 202, and so define a regular $ transformation ‘ $, +), 
it 1s necessary and sufficient that p,, should be regular. 


11.9. Hausdorff’s theorem. We now prove Hausdorff’s funda- | 
mental theorem, which shows that the results of Theorem 204 are 
reversible. 
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THEOREM 206. If (μ,) is the difference of two totally monotone sequences 
(α,) and (B,,), then μ,, is @ moment constant. 


It is plainly sufficient, after § 11.8, to prove 


THEOREM 207. If (μ,.)) is totally monotone, then μ,, = [ x” dy, where 
x(x) ts an increasing and bounded function of x. 


The proof depends upon an important general theorem of Helly: if 
X_(u) 18 a sequence of increasing functions of x, uniformly bounded for 
0 <2 <1, then there is a bounded increasing function x(x), and a sub- 
sequence (4,) of values of 4, such that x,(7) > χία) when 4 -- οὐ through 


(9). 
We define x,(x) by 


0 =— 0, op ΞΞΞ A — q a 0 < ] ° 
χα ) χὰ ) ΣΝ 4,3 a [ῃ Hs,q—s ( <x ) 
Then x,(x) increases with x; and (11.5.5) shows that x,(1) = po, so that 
x,(x) is uniformly bounded. 
It follows that 
Ho = Xq(1)—xq(0) = ΠΠπιΐχ, (1) --λς (0) = x1) —x(0) = f ax. 
If n > 0, then 
Pn = no = Pnatbnsyo = Bnet μη, 7 Hn+2,0 


q-n q—n 
ne das 


for allg >n. This is 


τὸ q—n)! (nth)! (4-- a Ε᾿ 
a k(q—n—k)! q! nk] Pntha-n—k 
SS (q—n)'(n-+k)! (q—n)!s! (q 
" kg τ [ἢ μνρκατντα τ Zenit t) sa 
= (s—1)...(s—n+1) 4 : .(s— at (i 
$ seat. (q— eee oe “oe (q— a (q—n+1) Mea-s 


(the terms added being all zero). 
We divide (0,1) by points 2) = 0, 2},..., 2, = 1, suppose 4 large 
enough to make qx, > n, and write 


—1)...(s—n+]) (4 
7 = Ho D fon Ἱμιατν 
aces, 4(4--ξ)...(4ᾳ--η.-1}}8 
γ--1 . 
so that μι => Si. 
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Then, since 
Xq(%1) — χείρ) =, > (7 neo 
0 8Ξ 


rts) 2%) = > [{]μρα-. ({55 OD 


GX, <8 5 GXj+1 
we have 
2, 9(x,q—1)...(4,qg—n+1) 
11.9.1) 2232s ὃ 
ἘΞ 


< SY < < fit 91). δ αν) {Xq(%i41) — Xq(%1)} Τ 


{Xq(%141) —Xq(%)} 


Hence, first, 


r-1 TS ἀρ (8 I—1).-(X a q—2 +1) 
=F SM< +1 24141 l+1 
Hn = Σ >, q(q—1)...q—n+1) 


From this, making g->0oo through an appropriate sequence (q;), we 


obtain ΒΕ 
Pn S ; lim > SM < > at {x (41) —X(%)}- 


We can obtain a lower bound for yp, similarly from the first of the 
inequalities (11.9.1); and so 


(11.9.2) "Satta — XC} < tn «᾿Σ Pax (ties) — x(a} 


But the Stieltjes integral | x” dy is the common limit of the two sums 

in (11.9.2) when r tends to infinity and the largest interval (αι z,,,) tends 

to 0; and therefore p, = [ x" ἄχ. The integral is not affected by any 

change in the value of χ at its discontinuities inside (0,1). We may 

suppose that they are selected so as to normalize the discontinuities. 
We can now resume our results in 


THEOREM 208. (i) In order that (Ὁ, μὴ) should be a regular Ὁ transforma- 
tion, it 18 necessary and sufficient that pw, should be a regular moment 
constant. (ii) In order that (Ὁ, μ)ὴ should be a convergence preserving 
transformation tt 1s necessary and sufficient that μι, should be a moment 
constant. : | 


{xXq(%141) — Xq(%)} ; 


In the general case the variation of x,(t) in (0, 2) is given by 


q 
R00) =0, Πρ) = > [ἢἸμ,ν οὶ Ο «ὦ <0) 
O<s<gr 
+ This is obvious if 27> 0. If 1 = 0, then the first member in (11.9.1) is 0, while the 
terms of the second are 0 for s < n—1, and the remainder non-negative and not greater 
than the corresponding terms of the third, whose terms are all non-negative. 
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and the variation of y(t) = lim x,,(t) in (0, x) is V(x) = lim V(x). For it 
is easily shown that, if 0 S a<b< 1, then 


[ \dx| < lim i [ ἰἦχς . 
On the other hand, 


j lax = ->( ΤΕ» ->( ] 
< | {2 ()eo-9e fan = fx 


The functions V, and V are derived from |u,,_,| a8 x, and x are derived 
from p,,-,- Thus V corresponds to the μὴ of §11.6 as x corresponds to 
Pn, and 


f x8(1—2x)2-* dy | 


pa = [ar dV = [an dP + [ ard = α, Ἔβ,. 


Any expression x = 0—¢ of x as the difference of two increasing 
functions corresponds to an expression μι, = p,—9o, Of μ, as the 
difference of two totally monotone sequences. The decomposition 
χ = P—N is the ‘least’ in the sense that 6 = P+w, 4 = N-+w, where 
w is an increasing function; and the decomposition μ,, = «,—B,, is the 
‘least’ in the sense that the components p,, and σ΄, of any other decom- 
position are of the forms p, = a,+4,, o, = Br,+¢%,, where ¢, is totally 
monotone. 


It is instructive to follow out the construction of χ in a few simple cases. 

(i) If xp, = 1 for all n, then A,, is 0 for 8 < p and 1 for 8 = p; x, is Ὁ for 
0 < x < 1 and 1 for x = 1, for every 4; and χ is the same function. 

(ii) If p, = (n+1)! then, ἔοσ 0 <8 < p, 


; _ PY apes  . 8} (ῷᾧ--8)58.ι 1 
Ds  8!(p—s)! stl e!(p—s)! (p+1)! ~ p+’ 
| r+l r+ 


The limit function x is z. 
“ty Te a eae — PeRA+D(n+1) 
a MeN) Tatke) ’ 


where k > 0, then a straightforward calculation gives 


Cicer Σ (μὰ hae 3 


8<qx 8< [45] 


13 I a ΗΕ 1) 1-123, 


Ι 


>i 


s8<qzr 


and μᾳ = [55 dy =k J “ἘΙ.--- )Ἐ ΠῚ da. 
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(iv) If pu, = a", where 0 < a < 1, then 


x(9) = 9, x,(7) = > (“)ar(1—aye-s (0 «.»“ « 1). 
0<s<Qqr 

It follows from Theorem 138 that xy is 0 forO < ὦ <aandl1fora<2< 1. 

It is sometimes convenientt to modify the definition of y,(x) slightly. We 
defined y,(x) as a step-function which has a jump A,, at x = r/q. We may 
eliminate the discontinuities by straight lines connecting the angles of the graph. 
This process gives a X,(x) continuous except perhaps for x = 0, where it has 
a jump δα,» and with a derivative gA,, for (r—1)/q¢ < x < r/g; and it is plain 
that X,(x) — x(x) when g —> 00 appropriately. 


11.10. Inclusion and equivalence of § methods. The general 
problem of the inclusion or ‘relative strength’ of two § methods is 
difficult, and its solution, which has been effected all but completely 
by Rogosinski and Fuchs, depends upon the study of the ‘Mellin trans- 
forms’ M(z) = [ {5 dy(t), associated with the methods, for complex z. 
The problem is much simplified if the moment constants p,, and p, of 
the methods do not vanish for any 7; and we confine ourselves to this 
case, in which the solution can be stated very simply in terms of μη 


and p,-1 
In what follows, then, we assume that 
(11.10.1) μι £0, pe XO (n=0,1,2,...). 


If the transformations are A = ὃμδ, A’ = ὃμ' ὃ, then 
ΡΞ, ἢ 
μ μ μ 
the identity. Thus 
tess Wet Mt δ δ 15. δες ἃ 
μ μ μ 


so that \’A-1 is the § transformation formed from μῃίμ,. But, in order 
that (ῷ, μ΄) should include (§,,), it is necessary and sufficient that 
As->1 should imply A’s = λ'λ-1(λ8) > 1, ie. that A’A-! should be 
regular; and this is so if, and only if, u,,/,, is a regular moment constant. 


THEOREM 209. Suppose that (, μ) and (§, p’) are two regular § methods 
subject to (11.10.1). Then, for (Ὁ, p’) to include (§, μ), tt is necessary and 
sufficient that py/p, should be a regular moment constant. For the two 


t See, for example, § 11.16. 

+ If (9, ») and (§, μ΄) both sum a series, then the sums are necessarily the same. 
For if ἐμ = 238,» tm = §’8, are the means of s, corresponding to the two methods, 
and ἐμ; —> 8, tm -Ὁ 8’, then §’tm = Stm by Theorem 197; $’t,, > sand Him — s’, because 
the methods are regular; and therefore s = s’. Thus any two regular § methods are 
‘consistent’ in the sense of § 4.2. 
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methods to be equivalent, it is necessary and sufficient that μέ, [μ,, and p,/ pn, 
should both be regular moment constants. In particular, for (§, μ) to be 
equivalent to the identity, it 1s necessary and sufficient that μι, and 1]y, 
should both be regular moment constants. 


In the next section we apply Theorem 209 to some important special 
cases. We make repeated use of the simple theorem which follows. 


THEOREM 210. Sums, differences, and products of moment constants are 
themselves moment constants. The product of two regular moment constants 
1s a regular moment constant. 


The assertion about sums and differences is obvious, and we need only 
consider products. First, 


Abn Pn = μῃ Apin + Apy μην.» 
Δῆμ, μῃ = μῳ Δῆμ, -Ε2Δμ, Apin gy +A Un Bn sares 
so that Δῆμ, > 0 and Δῆμ, > Oimply A? x,y, > 0. Hence the product 


of two totally monotone μ,, is totally monotone. 
Next, if μ,, and yw, are moment constants, 


Ly Ln = a n On t+ By Ba— On Br— Bs 
where a,,,... are totally monotone. Hence the prea of two moment 
constants is a moment constant. 
Thirdly, μὴ = 1 and po = 1 imply μομῳ = 1. 
Finally, we have to show that A™u,—>0 and ΔΉμι -» Ὁ imply 
A™u5 p49 > 0, and it is plainly sufficient to prove this when μι, and μῇ 
are totally monotone. Now 


γι 7}, ; ᾿ ™m 
Arena = > (" \Auodm = Σ ἘΞ δ = St 
6 r=0 r=F#+1 
say. We can choose καὶ so that Δῖμ < « forr > R, when 


m 
8. Ξ ε » [᾿ Jamu, = Elly, 


r=0 
by (11.5.5); and S, > 0 when RB is fixed and m -> οο. Hence Au, y5 > 0; 
and this completes the proof of the theorem.f 


11.11. Mercer’s theorem and the equivalence theorem for 
Holder and Cesaro means. I[f A and λ' are two equivalent § methods 
($,p) and (§,’), then we write A= A’. In particular we write A= I 


Ἷ Alternatively we might have used Theorem 208. 
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when A is equivalent to the identity. Plainly APA... = Lif =I 
for: = 1, 2...., r. 


If 
Il «a«,B-—a« 1 
11.11.1 gs ON ΒΡ. ἐπε δ᾿ 
enero in Bol ΒΒ B Bn-+1 
where α and β are positive, then either μ,, or («/8)—, is totally mono- 
tone, py = 1, and Δῆμ, > 0, so that μι, is a regular moment constant. 


Since the same is true of u71, A= 1. The transformation 


So tS +... +S 
m+1 
of §5.9 is the § transformation corresponding to 
la _an-+1 
n+l n+l’ 
and p,, and μὴ 1 are both regular moment constants. We thus obtain 


another proof of Mercer’s Theorem 51. 
If wu, ~ 0 for all n, and p,, is a finite product 


; ας n +. I (8) 

Ln = » | = pb ee 
nr nr B, n 1 n Il nm 

where the α and β are all positive, so that A® = I, then μη μ,, and μι, [μι 


are both regular moment constants, and \’=A. If k is a positive 
integer, and 


tin == αϑ,,- (1—a) 


Pn = + 


—_ 1 » {π| :ὶ᾿ k! 
μ᾿ τ Ξε’ ἔπ ( k |  (n+1)(n+2)...(n-+k)’ 
Mn  2N+2 38n+3 kn+k 
μ. 82 η΄ n+k’ 
and each factor is of the form (11.11.1), so that λ' ΞΞ 4. This gives 
another proof of the equivalence theorem (Theorem 49). 
We defined Hélder means of non-integral order in §11.4, and it is 
natural to ask whether the equivalence theorem can be given a corre- 
sponding extension. 


THEOREM 211. The (C,k) and (H, k) means are equivalent fork > —1. 


then 


We have to prove that 
k\-1 1 k 
py) = ΓΙ ; (n+-1)*, oy) = pe) = (n+ my 


are regular moment constants. Since 
ph) nt+k+1 


pe (kn ἘΛ- 1’ 
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it is sufficient to prove this in some interval 8 < k < s+1 of values of 
k, where s > —1 and, since integral values of k are already accounted 
for, we may suppose that 0 <k <1. Now 


(k) -. (A+) EP (n4+2) Ε 
(11.11.2) pl!) = (n-£1) ey = PED tet te, 


where 


a I'(n-+-2) me 
Un = Det τη τὶ " 


= ρα) {μαι οτος (log) } ae 


so that u, is a moment constant. Since (n+1)*-! is also a moment 
constant, it follows from (11.11.2) and Theorem 210 that p\*) is a moment 
constant. 

Secondly, p) = 1. Finally, u, is the moment constant of an abso- 
lutely continuous x, so that x(-+0) = 0 and A™u, > 0; and (n-+1)*-? 
satisfies the corresponding condition. Hence A™p{*) > 0, and pS) is a 
regular moment constant. The proof for o{” is similar. 


We may prove in a similar way that the (C,’) and (H,k) methods are 
equivalent to the § methods corresponding to either of 
_ T(k+a)(n+a) =( a ᾽ 
μη ™ T(a)l(n+k+a)’ Ba \n-+a 
for any positive k and a. Or again we may prove that 
(nte+s) [(nt9)(r+B) _ PoetpPG+1) Dintatfht+yrint+)) 
«Ἔβ β Τα Ἐβ- 1) ΓΙ α ΓΙ, βΈ1) 
and its reciprocal are regular moment constants, and so complete the proof of the 
theorem stated in the note on ὃ 5.8. 
It is also interesting to work out the actual expressions of p*) and o{) as moment 
constants. Suppose, for example, that k is integral. Then the formal solution of 


(n+1)* 2 
EEE TT EB) [ "χα fe ἕω 
nor (9-1) ens 
7 ΣΟ ΣΧ 


and the integral may be ieee as a sum of residues. We find that 


(11.11.4) φ(0) --ὁ, g(40=e, ge) —e (4) fete} (¢ > 0), 


a form of φ(ἐ) which may be verified directly. 
Similarly we find that o{* is expressible by an integral with 


g0)=0, φ(0)--τν $= ke τεσ [2] oar 
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These formulae remain true for non-integral k if the operation of differentia- 
tion is interpreted appropriately. Thus (11.11.4) still holds for 0 < k < 1 if k! 
is replaced by I'(k+-1) and the derivatives are defined in the manner of Riemann 
and Liouville. 

It should be observed, finally, that we have shown that the Hélder and Cesaro 
means are equivalent in the range —1 < k < 0, when neither is regular. 


11.12. Some special cases. (1) For the (H, 1) method, with k > 0, 


ee | x*(lo i aga dx = | a"h(x) da 
tn Fle TR) egy) oes pueden ne 
Here x, the integral of ¢, is absolutely continuous. 
(2) For the (Ὁ, 1) method, with k > 0, 


and x(x) = 1—(1—z)* is again absolutely continuous. 

(3) These examples suggest that the ‘strength’ of an § method will 
depend upon the ‘smallness’ of y,, increasing as y,, becomes smaller. 
But this principle, though valid up to a point, must not be interpreted 
strictly, the relations between two moment constants which govern 
their relative efficiency being of a more subtle character. 

Thus p, = a", where 0 <a < 1, corresponds to the method (E, q) 
with g = (1—a)/a, and tends to 0 more rapidly than any (n+-1)-*; but 
it is not true that (ΕἸ, 4) includes (Ὁ, &), even when q is large and k small. 
The two methods are in fact ‘incomparable’. Suppose, for example, 
that k = 1. Then it is easy to verify that, if, = (n+1)-1 and μέ, = αν, 
neither of p, = μιίμῃ and o, = μαίμ,. is a moment constant. This is 
obvious for p,,, since p, > 00, and we need only verify it for g,. 

If co, = (n+1)a” were a moment constant then (since a” is one) we 
should have 


nan = [ ar dy = x(1)—m f a*-1y(x) dx = ἡ [ @-{y(1)—y(x)} de 


for n > 0. Dividing by n and replacing n by n+1, we obtain 
] 
er { x{x(1)—x(x)} dx = [ αὐ ἄχ, (n > 0), 


where x, is absolutely continuous. But a” = [ x"dy., where χα is 0 in 
(0,a) and 1 in (@, 1), and the dual expression of a” contradicts Theorem 
203. We thus see, as we have proved directly in §9.8, that there are 
series summable (C, 1) but not summable (Εἰ, 4) for any g. The argument 
is easily adapted to any positive k. 


t See the remarks at the beginning of ὃ 11.10, and the notes at the end of the chapter. 
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(4) If μ, - 0 too rapidly, it cannot be a regular moment constant. 
This is shown by 


THEOREM 212. There is no regular moment constant p,, such that 
c"u,, > 0 for every c. 


If μ,, 15 ἃ moment constant then 
(1.12.1 aye = [a dx = x(1)—(n+2) [ antly da 


= x(1)—(0-+2)xu(1)+(0+2)(m-+1) f ayy dar = (m-+2)(n-+1) f arp de, 


where 
Zz 
(11.12.2) φ(α) = χιία)---χι(1)-(1--αὐχ(!), χι(α) = f x(t) dt, 
0 
so that 4(x) is absolutely continuous. We consider the function 
_ f #2) 
fw) = { ara dx 


of the complex variable w = u-+-iv. We have 
3 ἄπ ee .. 
ft) = | $0) > παπᾶν = Σ eae στε 
for large w, and the series is convergent for all w 40. Hence f(w) 
defines an integral function of 1/w; in particular it is regular on 
0<w<i. But, 10 <u <1, then 
1 : : 1 υφ(α) 
11,12. - —1v)— Se Ba ee 
(11.13.8) 5 flu—iv)—flutin)} = [τ ἐδ τ᾽ de > pu) 
when v > +0; and so d(u) = 0 and pn, = 0 for n > 2. 
Also $¢’(x) = 0 for 0 < x < 1, and therefore, by (11.12.2), 
x(x)—x(1) = 0 
for almost all x, so that 


μι = [« ἀχ -- χ(!)-- [χά = 0. 
Thus the sequence (μ,) is po, 0, 0,...; and this is not regular, whether 
μ = 0 or py ~ 0, since either (11.7.7) or (11.7.6) is violated. 


It follows from the last remark that p, = (n!)~! is not a moment constant. 
It is easily verified that 


= 2 2 a= 2 
Art -- £4 — = L,(1), 


where L,(x) is Laguerre’s polynomial. It is known that 


L,(1) = et-* pt cos(2pt— 4) + Ο(ρ ἢ) 
for large ἢ, so that Δῆμο is not of fixed sign. 
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It is simpler to prove that a totally monotone μ,, satisfying the condition of 
Theorem 212 must vanish for n > 1. For if u, = | 2"*dy and yx is an increasing 
function not constant in 0 < 2 < 1, then there is an interval (a, ὃ) in (0, 1) for which 
a > 0, x(6)—x(a) = w > 0; and py, > wa". 


11.13. Logarithmic cases. We now consider a form of py, which 
leads to an § method included in and weaker than all the (Ὁ, k) methods 
of positive order. If a > 1,7 > 0, then 


I ΕΠ Ὁ Ϊ fl-1e—tlogin-+a) ἀξ --- ἢ. [ας di 
loginta)f TQ), PQ) J (nay 
Sagres Ϊ ae Ϊ ul-lenta dy = [ entDes(y) du = Ι φηφ() dx 
PAY Γῇ | 
0 0 0 0 
] el—as 7° plot 
where d(x) = ἽΕΙ (uw) = πατῇ | τῷ at. 
0 


The inversions are legitimate because all the functions are positive. 
It follows that 
| ἱ 

(11.18.1) Ln = locust (a 1,1} 0) 
is a regular moment constant. | 

It is not difficult to prove that these methods are weaker than (C, k) 
or (Η, 1) for every positive k, but the details of the proof are a little 
tiresome. Let us suppose for simplicity that / = 1, and assume that, 
as was stated near the end of §11.11, (H,&) is equivalent to the H 
method with 

a \* 

(11.13.2) μῃ = (-<] : 
We have to show that, if μ,, and u, are defined by (11.18.1), with 7 = 1, 
and (11.18.2), then y,/u, is a regular moment constant and z,/p,, is 
not. The second assertion is obvious because μη μη, > 00. On the other 
hand, 


dar ] See [1 {Π} 
ag bm re! ° Nigh geet dt; 
and it follows from this formula, with VN = n--a, that (n-++-a)-* log(n+-a) 
is a moment constant. Thus y,,/u, is a moment constant, which is 
plainly regular. 

Since pu, - 0, uz! is not a moment constant. It follows that the 
methods sum some divergent series. 


N-log N = — 
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11.14. Exponential cases. It is also interesting to define regular 
methods (§, μ) stronger than any method (C,*). In such a case py, must 
tend to 0 more rapidly than any power of n; but we have seen in § 11.12 
that it must not tend to 0 too rapidly. It is natural, after the examples 
of §11.12, to consider the case μ, = e-4"", where A > 0, O0<a<l. 
We prove 


THEOREM 213. If A>0, 0<a <1, then p, = e-An" is a regular 
moment constant corresponding to an increasing x. 


If p(y) = e- 44° = e-), then v’ > 0, ν΄ < 0, v” > 0,..., and so 
μ΄ = —e-y’ < 0, pe = e-¥(p'2—p") > 0, 
pe’ == ---οτν(ν"ὃ---ὄν᾽ν" -Ἐν) « 0...., 


so that the successive derivatives οὗ μ alternate in sign. It follows that 
μη. 18 totally monotone, and 


(11.14.1) μη = [ i” dy, 
where x increases with ¢. Also y(1) = po = 1. Hence, in order to prove 
the theorem, it is only necessary to show that Au, > 0, or, what is 
equivalent, that +(-++0) = (0). 
Since p(n) = p(4n) is also totally monotone, 
p(n) = p(n) = f ur dxM(u) = | A dye, 
with an increasing x; so that 


(11.14.2) | y(n) = | an dx (th) 


for n = 0, 4, 1, ὃ, 2,.... We may suppose y and x normalized, and 
then, comparing (11.14.1) and (11.14.2), and remembering Theorem 203, 
we see that y(t) = x(t). Hence (11.14.1) is true whenever n is an 
integral multiple of 4. Repeating the argument, we see that 


(11.14.3) py) = {1" ἀχ(ὴ 


whenever y is an integral multiple of 4, of }, of 4,.... It follows by | 
continuity that it is true for all positive y: Finally, 


ὃ 
μί(0)---μίψ) = [ | + Ϊ Ja—e) dx > (1—8¥){x(8)—x(0)} 
0 ὃ 


for 0 <6 < 1, and therefore, making ὃ -» 0, 
x(+0)—x(0) < μί(0)---μ(ψ). 
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Since p(y) is continuous, it follows, on making y -> 0, that 
x(+0) = x(0) = 0; 
and this completes the proof of the theorem. 
The function y(t) is absolutely continuous; thus 


1 οο 


py) = [ ἐνφ() dt = [ e-U4yh(u) du, 
υ 


0 
and there is no difficulty in finding explicit analytical expressions for ψ(ω) and 
φ(). Thus 


f(t) = At (log3) στ ἀλιουο 


when α = 4. When α = ᾧ we can show, by the use of Liouville’s formula, 


οο ο 9π 
[ [ e- U0] (U) 4-4-4 dudv = aa oot, 
00 


that g(t) = ¥p(log2), ψ(ω) = = —7K,(2. 3-#Atu-4), 


where K, is the real cylinder function of the third kind. Generally, the inversion 
formula for Laplace transforms leads to 
—A)P y-«p-1 3] 
ψί(ω) Ξε -- Tom) ΞΡ -Ἔ-Ἑ (—A)? sneer tee) αΡ-Ἱ1 — uW(u-*), 
where W is an integral function. 
We conclude this section by proving 
THEOREM 214. The method (§,p) of Theorem 213 includes all (C,k) methods. 


We take A = 1, a = 3 to simplify our formulae; the essentials of the proof 
are not affected. We begin by proving that 


n+a\* 
pa = ( a Jest 


is a regular moment constant for any integral k and sufficiently large a = a(k). | 
We write 


᾿ | 
p(t) = (Ξ:3) ett -- τρί), v(t) = tt—klog? +, 3 
a a 
1.3...(29—3) k(p—1)! 
-- 1 (24) = ΞΞΞεΗ ὐΡε ΣΕ ἜΣ 
ἐμὰ δ al ὃν. ἢ (:α)Ρ’ 


where 1.3...(29—3) is to be interpreted as 1 when p = 1. The right-hand side 
will be positive for p = 1, 2,... and all positive ὁ if 


({- α)Ὁ 10) ᾿ 
πα [2h Ἐς : 
The minimum of the left-hand side, for varying ¢, is (2p)??(2p—1)—??t1a > 2ρα, 
while the right-hand side behaves like 4k?7p for large p. Hence (— 1)Ρπ ιν) ἢ > 0 
for p = 1,2,..., é > 0, when a is sufficiently large. It follows, by the argument 
used in the proof of Theorem 213, that p, is totally monotone. Also py = 1; and 
we can prove, as there, that Ap, + 0. Hence the method (9, p) is a regular Ὁ 
method when a is sufficiently large. 
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k 
Finally, as in § 11.11, On = (5) 


defines a method (ῷ, σ) equivalent to the identity. Hence 
Tr = Patn = (n+ 1)Fe-n# 


is the moment constant of a regular § method; and hence the method (§,,p), 
with p, = e-™*, includes all (C,&) methods. 


11.15. The Legendre series for x(x). We return to the proof of 
§11.9, in which x(x) is constructed as the limit of a sequence of step- 
functions x,(z). It is interesting to have other analytical expressions 
for x(x), and one of the most natural is its expansion as a series of 
Legendre polynomials. We suppose that p, is a regular moment 
constant, so that x(0) = x(+0) = 0 and x(1) = 1. If we write 


t= 3(1+2), x(t) = A(z), 
so that —1 < x < land 


1 
n= ἘΠ}. 
—1 


then θ is of bounded variation, and continuous at « = —1; and its 
Legendre series > ¢,,P,,(x) converges to 4{0(z—0)+6(x-+-0)} for 
—l<z <1, to 0 for x = —1, and to 0(1—0) forz = 1. 


The coefficients c,, are given by 
1 


= (m+4) | O(e)P, (2) de = (m-+4)e_(1)—(m-+4) [πώ 


--1 


where w(t) = Ϊ Ρ (ἢ dt. 
Thus 3 | 
1 1 
(11.16.1 c,=1—} [ G+a) a8 = 1— [edy = [o— Py» 
-1 0 


1 : 1 
(11.16.2) oc, = —(m+4) [ w,,(%)d0 = —(m-+4) [ -πι(2ι-- 1) dy 
- 1 : 0 


form >0. Now 
of—1 


(11.16.83  w,,(2t—1) = J Pale) au = 2 [Pa (2w—1) dw 


and 
P.(2w—1) = (τ AO yy CENT?) min—l) ἫΝ ἢ 
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Substituting in (11.15.1)-(11.15.3), we find 

x(t) = = Cm F,,(2t—1), 
where ¢y = μ0--μι and 


9 = 
em = (1) HEME) fig — τ τος, ee et 


] 
for m > 0. 


If x is absolutely continuous, x’ = ¢, and (x) = o{4(1+2)}, then 
the Legendre series of (x) is > a,,£,(x), where 


git = - wed (- ΝΗ = > er 


k=0 k= 


11.16. The moment constants of functions of particular classes. 
It is natural to ask when x will be a function of some special class; for 
example, when it will be absolutely continuous, when it will be the 
integral of a function of the Lebesgue class Z’, and so on. We confine 
ourselves here to one theorem whose proof is simple. 


THEOREM 215. In order that 
(11.16.1) μη == | 2"9(x) de, 


where 4(x) is 177, with r > 1, in (0, 1), tt ts necessary and sufficient that 
» 
(11.16.2) (ρ,-Ε1)7 τ 2 |Av.sl” < Hf’, 
3= 


where Δ, is defined by (11.3.4), and H 1s independent of p. 
We observe that (11.16.2), by Holder’s inequality, implies 
> ἰλ;,ε] < A, 
so that a μ,, satisfying (11.16.2) is certainly a moment constant. 


(a) The condition is necessary. For 


dow = [6] [ ax(1—a)>p(a) de = | ἘΠῚ 


where ρ,,.(“) = ἢ ρα so that Σ ρρ,.«(5) = 1 and 
8=0 


(p—s)! 61 
J » (γᾶς = (Cay = pHi 
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Hence, again by Hdélder’s inequality, 
val” <{f Ppalm) axl” f pp a(x) iba) de, 
(+1 UAp sl” < [ρ(α)] φίω)}" de, 


(ἜΚ Σ yal < {Πφ()}} δὲ poale)} de = f Ise) de. 


(6) The condition is sufficient. We define x,(x) as in §11.9, but with 
the modification indicated at the end of that section.t Then 


’ s—l ϑ 
Xp") — Pry,2 (2 ig κου» a <2 «ἢ 


» 
[Πχρ(υ)}" ἀ = prt pelt < Hr, 
s=] 
by (11.16.2). It follows that there is a subsequence of p, and a function 
¢ of 17, such that x, > ¢ weakly and 


[φ(0 dt = lim [ xp(¢) dt = lim{x, (2) —xp(+0)} = x(2)—lim Apo. 
0 0 
But (p+1)""*]A,, 9" < 4, so that A, -Ὁ 0 and 


Ὁ 1 
x(x) = | P(t)dt, μ,, = [ tp(t) dt. 
0 0 


The proof works, with the appropriate modifications, in the limiting case 
r = 00, and gives (p+1)|A,,,| < H as a necessary and sufficient condition that 
x should be the integral of a bounded function. There is no similarly simple 
result for the case r = 1. | 


11.17. An inequality for Hausdorff means. In this section we 
prove an inequality which includes a considerable number of special 
inequalities, important in the theory of functions of the class 1,7. We 
suppose that x increases, y(1) = 1, and x(@) = x(+0) = 0, so that py 
is totally monotone and the method (§, μ) is regular; and that 


m 
m 
(11.17.1) t, = > (7) m-n a 


n=0 


is the Hausdorff mean of a positive sequence (s,,). 
THEOREM 216. If s, >0,r > 1, then 


(11.17.2) vi, < [ g-ur dx)’ Σ᾽ = H(r) > δ, 


unless s, = 0 for all n or the transformation reduces to the identity. 


t Using x, however, instead of X. 
4730 1 
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It is naturally supposed that > 8, and [ aur ἂχ are finite. The 
integral is not a Riemann-Stieltjes integral, since x-" is not bounded, 
and some generalization of the definition is required. We may define 
it either as one of the general ‘Lebesgue-Stieltjes’ type, or as the limit 
of a Riemann-Stieltjes integral over (c,1). The second point of view 
is the more elementary, but we adopt the first for the sake of concise- 
ness. The constant H(r) is the best possible, but we shall not prove 
this here. We write 
(11.17.9) e,, = e,(x) = S (7) 2n—aym-ns = S (")anymns , 

\ ™m m nr = n nr 


nN 
n=0 


where 0 <x < 1 and 


Y 
r—1 
(11.17.4) <x > (") Yr | cla > " anya = = [᾿} erym-" si 


and so 


= 1—z. Then, by Hoélder’s inequality, - 


forO0 <a<1l. Now 


(11.17.6). #,= [ΠΣ (7) en—a)-nsy} dy = J ented, 


n=0 


Hence, by (11.17.5)-(11.17.6) and a form of Minkowski’s inequality, 
(11.17.7) (Sth) « [ (Lendlrdy < (Η 6} 1}. 


This is (11.17.2), but with ‘<’ for ‘<’. | 
There is inequality at the first stage of (11.17.7) unless 


€m(2) ae Kn φ(“), 


except in a set S of 2 in which the variation of x is 0. We must distinguish 
the cases in which the complementary set S’ includes (a) an infinite 
number, (b) only a finite number of points. In case (a) e,,(x) = K,, $(2) 
for all m and an infinity of x; in case (δ), χ is a step-function. 

(a) In this case we write e,,(x) in the form 


C(t) = (l—a+axHb)™sy = (1—xA)™s) = S (λα) ae 
k=0 
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If s, is the first s,, which is not 0, then e,,(z) = 0 for m < l, and 
ε(α) = (—1)etAlsy = 8,27, 
€p44(%) = (—1)KI+ 1) atA’sy+ (— 1) at HAM 195... Ὁ 

Now e,(x) = K,9(2), e41(%) = Κρ ¢(x) in 8’, so that K, 4 0, Ky, τέ 0; 
and the polynomials K,,, ex) and K,e,,, (x) are equal for an infinity of 
values of x. It follows that d(x) is a multiple of αἱ, and A”s, = 0 for 
m >I. Hence s, is a polynomial in , which must be zero because 
> 85. is convergent. 

(ὃ) If xis a step-function with jumps a, at x = 2,, then x, ~ 0 (since 
the method is regular) and t,, = > «,@,,(%;,). Also 


(11.17.8) (Σ ὦ)" < % on > € ΟΝ 
«Σαρα 4)" = (ΣΤΟΝ {πὴ ἄχ, 


by (11.17.7) and (11.17.6). There is inequality in (11.17.4) unless either 
all the s, have the same value c, or x is 0 or 1. Since 2, + 0, and > 85 
is convergent, it follows that there will be inequality in (11.17.8) unless 
either all the s, are 0 or all the z, are 1. But in the second case y(z) is 0 
for 0 < x <1 and 1 for ὦ = 1, and the transformation is the identity. 
Examples. (1) If y= 0 for O<2a<a<1,y=1fora<cz¢<l, 
then #,, = e,,(a), and is the Euler mean of s, of order g = = a)ia: 
Thus if ¢,, is the (E, g) mean of 8,., and not all s,, are 0, then 


> th < (q+1) > δῖ. 


This is equivalent to (11.17.5), with inequality. 
(2) If we take χ = ¢, we obtain 


Sots, +...+8,\" γ Δ 
>| nti a a 2 Sn 
More generally, if we take y = 1—(1—1#)*, where k > 0, then ¢,, is the 
(C, ζ) mean of s,, and 


r Γᾳ-- 
2 < (Toei | Σ᾿ 


11.18. Continuous transformations. There are transformations 
of functions of a continuous variable analogous to the § transforma- 
tions discussed in the preceding sections. We are led to them naturally 
as follows. Our regular § transformations of s,, were defined by 


(11.18.1) A"t, = μη AS, 
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where μῃ is ἃ regular moment constant. Suppose now that f(x) is a func- 
tion of x regular along the positive real axis, and so expressible in the form 


(nO 
fe) = >See = Dae 
for small x. Then the natural analogue of (11.18.1) is 


(11.18.2) g(0) = μῳξῶρο), 
in which case 


g(x) = > by dy” = {> a,(xt)"dy = | fea) dx, 


at any rate for small z. 
We are thus led to consider the transformation 


(11.18.3) g(a) = J f(at) dx(t) 


(dismissing the considerations which led us to the formula). We shall 
suppose that f(x) is continuous in any finite (0, X): we shall be interested 
only in the behaviour of f(x) and g(x) when x > 0. 

If x(t) = 1—(1—1t)*, where k > 0, then 


1 x 
ate) =k | flaty—oe-rat = = [-τ-ὠλ ζω da 
0 0 


is the (C,k) mean of f(x) in the sense of §5.14. If y(t) = 0 for 
0<ti<a<l, x(t) =1 fora <t <1, then g(x) = f(axz). This is the 
analogue of the Euler transformation; and, unlike the corresponding 
transformation of s,, it is trivial, since f(z)-—>J/ and g(z)—>Jl are 
equivalent. 

We prove one theorem only. We suppose, as we may, that x(0) = 0. 

THEOREM 217. In order that the transformation (11.18.3) should be 
regular, i.e. that f(x) -» } should imply g(x)—>l, wt 1s necessary and 
sufficient that y(1) = 1 and χ(- 0) = x(0) = 0. 

If f(z) = 1 for all x, then g(x) = [ἀχ = χί!). Hence x(1) = lisa 
necessary condition. | 

If f(z) = 1 for 0 < x < ὃ, where ὃ > 0, and f(z) = 0 for x > 6, then 


f(x) > 0. Also ᾿ 


g(e) = } ax = x(2}— x(0). 


If the transformation is regular, g(x) > 0, and therefore x(5/x) > x(0), 
1.6. x(-+0) = x(0) = 0. 
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_ It remains to prove the conditions sufficient. Since ἢ = / givesg = l 
it is enough to prove that f— 0 implies g > 0. Further, since x is the 
difference of two bounded increasing functions continuous at 0, it is 
enough to prove this for an increasing y. Then, if we choose X so that 
[{| <¢ for x > X, and denote by M(X) the upper bound of || for 
x < X, we have 


1 
lge)| < [ If(at)| dy « ᾿ | f(at)| dx +e f dx 
0 x/z 
< U(X) x(X/x)—x(O)}-+e [ἀχ <2 f dy = 2 
for sufficiently large zx. 
There is an inequality for g(x), when y is monotone and ἢ > 0, similar to 
(11.17.2), viz. 
οο 1 r eo 
(11.18.4) [σα < ( Ϊ στιν αχὶ f frlayaee. 
. 0 0 0 


The proof is similar to that of §11.17, but rather simpler, owing to the triviality 
of the Euler transformation. In the particular case y = ¢, the inequality becomes 


1.18.6) Π | sora) dz < [--- \ [re 


11.19. Quasi-Hausdorff transformations. The theory of § 
transformations depends upon the properties of the transformation 6 
of §11.1. There is another transformation of very similar form which 
also generates interesting transformations. This is the transformation 
δὲ with matrix 


1 1 1 

0 —l —2 
5* ) 
er 0 0 " 


obtained by exchanging rows and columns in [δ]. 
THEOREM 218. δ᾽ ts its own reciprocal: if t = δ᾽ 8 then 8 = δΉ. 
One preliminary remark is wanted. The theorem asserts that, if 
“ [ἢ 
(11.19.1) t, = (—1)" > (7) 
n=m 


> == ns st (+1 ig ay + EMT) 


πε ἜΘ 


then s,, is expressible similarly in terms of ἐ,.. The series in (11.19.1) 
and the reciprocal equation are infinite and need not converge. We 


278 HAUSDORFF MEANS (Chap. XI 


can, however, avoid considerations of convergence in this theorem by 
supposing that s, — 0 forn > N, in which case t,, = 0 for m > N; and 
Theorem 218 is to be interpreted in this sense. 

The proof is similar to the proof of Theorem 196. We have 


(11.19.2). tp => () , τ πο» ΣΌΝ ) > (i 
~c-me do Smt) 


p= n=m 


=> (ΡΣ oto 


n=m 
and the inner sum is 1 if p =m and 0 otherwise, so that u,, = Sp. 
The convergence of the series (11.19.1) does not necessarily imply 
that of the reciprocal series. Thus s, =a", where 0 <a <1, gives 
t, = (—a)™(1—a)~-™-1, and the reciprocal series does not converge unless 
a <4. The double series in (11.19.2) is convergent if 


> [Πρ = 13} = > (Rens <0, 


p=m 
which is true, for example, when s, = O(a") anda < }. 
We now define the transformation (§*, μὴ) by A* = 5*yd*, where p, as 
in $11.3, is a diagonal transformation. We find, formally, 


co 


n= (—" > (— ἊΜ Jon > ἢ)» =(-9" > > τ (") Pla 


n=™m p=m n=m 
m 00 
= (= > (Pla, τ Ρ πῆμ, = > (PM 
p=m n=m p=m 
Thus, replacing p by n, the transformation is defined by 
(11.19.3) bn = Σ Nan ons 


(11.19.4) AR, =0 (ἡ «πὴ, Δ ΞΞ (7) "hm (n >). 


11.20. Regularity of a quasi-Hausdorff transformation. We 
have now to consider when the transformation (§*, μ) is regular. We 
suppose that μ,, is a moment constant. 

Suppose first that μ,, is totally monotone, so that χ increases with ¢. 
Then 7, => 0 and 


ΣΌΣ | ma-wrnde = | aman tx = | 


rm>m 
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and (11.5.2) and (11.5.4) will be satisfied if and only if this integral 
converges and has the value 1. Condition (11.5.3) is satisfied auto- 
matically, since Aj, = 0 when m > n. Thus 


(11.20.1) 4 = {2 --1 


is a necessary and sufficient condition for regularity. 
In the general case it is plain that 


> Min 4} <I |dx | 
On the other hand, whenever > |A7,,,,| is bounded, the function 


(suitably modified at its discontinuities) may be obtained as the limit of 
= * 
Σιν 


where φ tends to infinity through an appropriate sequence q,, and 
ἐ 
we -- fleece 
u 
0 


is then obtained from |A*,,,| as X(¢) is from Aj,,. Hence we obtain 


THEOREM 219. If μ,, is a regular moment constant corresponding to x, 
then the conditions 


(11.20.2) |= Se. [2 ἐς 


are necessary and sufficient for the regularity of (Θ᾿, μ). 


11.21. Examples. (1) If y(t) is 0 for O0<¢t<a@<_ 1 and a for 
a <t <1, then (11.20.1) is plainly satisfied, and 
i αἴ πῶς = am+l(]—a)"-™, 
In this case | 


n 
i, = amt > [τα --αὐλῖτο, 
n>=m 


— am oat (m+1)(1—@)8inoi + af nr (l—a)*s, 49+ | 


We are thus led to the ‘circle’ method (γ, α) of §9.11. 
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(2) [ἔχ =t, μ, = (n+1)-}, then 


(rn) a°m = [τ σε Στ ET" 


The transformation is 


Ss 8 
i = m mt+1 Sin+2 
τ: mel nee ees Ὁ" 


which is plainly not regular. The integral (11.20.1) diverges. 
(3) If χ = #/(/+1), where J > 0, then 
ἐ 
n+l+1’ 


(11.20.1) is satisfied, and the transformation is regular. In this case 


n=l fmtdt = 


11.21.1) ¢,. = {/—‘*m _ (M+1) 5m 
A ) tn arti weet 


ἜΣ (m-+1)(m-+ 2)5 Sm+2 4: 
(mf1+1)\(m-+1+2)(m-+1-+3) * 


In particular / = 1 gives 


Smt 
(11.21.2) ty = (mt) a tty t 5 


It may be shown that the transformations corresponding to different 
positive J are all equivalent, and that each is equivalent to (C, 1). 
There are transformations similarly related to (C,k) for any k > 0. 


NOTES ON CHAPTER XI 


§§ 11.1-3. The class of transformations A = ὃμδ was first studied by Hurwitz 
and Silverman, ΤΑ ΜΙ, 18 (1917), 1-20, who identified it with the class of trans- 
formations permutable with H. They were concerned primarily with trans- 


fe ti 
. i a a  I+a«, H+, H?+..., 


where I is the identity and f(z) = > α,, 27 is an analytic function regular at the 
origin, and proved that the transformation is regular if f(z) is regular for 
[2---2} < $ and f(1) = 1. In particular they proved that the (H,k) and (C,k) 
‘transformations are regular transformations A. 

Hausdorff [(A), ΜΖ, 9 (1921), 74-109] rediscovered the class ) and developed 
‘the more complete theory set out here, in which the class is linked with the 
“moment problem for a finite interval’. In particular he proved the fundamental 
Theorem 206. The proofs of this chapter are mostly derived from this paper or 
a later one [Hausdorff (B)] in MZ, 16 (1923), 220-48. An intervening paper in 
MZ, 9 (1921), 280-99, deals with generalizations in different directions. There 
is a concise account of the theory in Widder, ch. 3. 

§ 11.4. Theorem 200 was proved by Hurwitz and Silverman, l.c. supra. 

§§ 11.6—-7. Hausdorff (A). Hausdorff attributes the definition of a totally mono- 
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tone sequence to Schur. I have arranged the proof of Theorem 201 in accordance 
with suggestions of Dr. Bosanquet. 

§11.8. Theorem 203 is a generalization of the familiar theorem that the system 
1, x, x?,... is ‘complete in L(0,1)’. 

§11.9. Hausdorff (A,B) gave a number of proofs of Theorem 206. The proof 
here is substantially the first in (B), which is also given, in rather different form, 
in Widder, 101-4. The arrangement here has been prompted by suggestions of © 
Dr. Aronszajn and Dr. Bosanquet. . 

There is a proof of Helly’s theorem in Widder, 28-9. 

Hausdorff’s work is closely related to that of S. Bernstein and Widder on totally 
monotone functions. We may say. that f(z) is totally monotone in (0,0) if 
(—1)®?f(z) > 0 for x > 0: thus e~* is totally monotone. It was proved by 
Bernstein that a necessary and sufficient condition for f(z) to be totally mono- 
tone is that 


eo 
fle) = { e-* dx(e), 
0 
where x(t) is increasing and bounded. This is easily deducible from Hausdorff’s 
theorem, but Bernstein’s work was independent and his methods different. We 
can also (though not quite so simply) deduce Hausdorff’s theorem from Bern- 
stein’s. For fuller information and references see Widder, ch. 4. 

§ 11.10. The main results of Rogosinski and Fuchs will be found in Rogosinski, 
PCPS, 38 (1942), 166-92, and Fuchs, OQJ, 16 (1945), 64-77. If T and T’ are 
regular § methods, then, in order that T’ should include T, it is necessary and 
sufficient that T’ = @T, where © is a regular § method. If T’ and T are any 
§ methods, T’ includes T, and p, ~ 0 except for a sequence (n;) of n such that 
¥ nz) < οὐ, then T’ = OT, where © is a regular § method. It is not known 
whether the condition on (n;) is the best possible, but Fuchs, PCPS, 40 (1944), 
189-96, has shown that the theorem stated for regular methods is not true for 
all methods without reservation. | 

Hille and Tamarkin, PNAS, 19 (1933), 573—7, state a considerable number of 
more special theorems concerning inclusion. 

§11.11. The equivalence of (H,k) and (C,k), for general k > —1, was first 
proved by Hausdorff (A), 89-90. 

There is an accurate discussion of the inversion formulae referred to at the 
end of the section in Burkill, PDMS (2), 25 (1926), 513-24, and Widder, ch. 2. 
We may be content to calculate p{ and o({*) formally and verify the results 
independently. This is easy for integral k, but rather more troublesome for 
general k. 

§11.12. For (11.12.3) see Titchmarsh, Fourier «ntegrals, 30-1, or Widder, 
338-41. 

There is a full account of the Laguerre polynomials in Szegé, Orthégonal 
polynomials (New York, 1939), chs. 5 and 8. 

§§11.13-14. There is a fuller account of these logarithmic and exponential 
forms of μ, in Hausdorff (A). 

§11.15. See Hausdorff (B), 227-31. Hausdorff’s point of view is rather 
different. 

For the expansion of P,(2w—1) in powers of w (‘Murphy’s formula’) see 
Hobson, Spherical and ellipsoidal harmonics (Cambridge, 1931), 22, or Whittaker 
and Watson, 311-12. 
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The inverse of the last formula of the section is 
ma, i m(m—1)a, coe 
Hm = mace t mE Im FB) t Gat emt 2)(m 3) 

§11.16. There are fuller discussions of Theorem 215 and related theorems in 
Hausdorff (B), 233-40, and Widder, 109-13. For ‘weak convergence’ (an idea 
due to F. Riesz) see Littlewood, 45-9. 

§11.17. Hardy, JLMS, 18 (1943), 46-50. Hardy proves there that H(r) is the 
best possible constant. 

There is a full discussion of the Lebesgue-Stieltjes integral in Saks, Theory 
of the integral (ed. 2, Warsaw, 1937), ch. 3. The properties used in this section 
are stated in Inequalities, 152-7. The form of Minkowski’s inequality required 
is Theorem 201 of Inequalities (p. 148), restated for Stieltjes integrals in accor- 
dance with pp. 155-6. 

§11.18. For the general theory of continuous Hausdorff transformations see 
Rogosinski, PCPS, 38 (1942), 344-63, and Fuchs and Rogosinski, OQJ, 14 
(1943), 27-48. 

For (11.18.4) we must use Theorem 202 of Inequalities (again restated for 
Stieltjes integrals). . 

§11.20. The integral [ἐπὶ ἀχ must again be regarded either as a Lebesgue- 
Stieltjes integral or as the limit of an integral over (e, 1). We require the theorem 


that 
Σ f anla) dy = [{Σ α,(Ω}} dy 


whenever y is an increasing function, a,(x) > 0, and either side is finite. This 
is a very special case of a theorem stated by Widder, 26, and proved by Saks 
(l.c. under § 11.17, 76-80). Here a,(x) is continuous for each n, and > a,(x) is 
uniformly convergent in any interval (e, 1), and it is easy to prove what is wanted 
on the basis of the more elementary definition. 

§ 11.21. Hardy, POPS, 20(1921), 304-7, proved that the transformation (11.21.2) 
is equivalent to (C, 1), but this theorem is practically a special case of one proved 
earlier by Knopp. For generalizations see the papers of Hardy and Littlewood 
and of Knopp cited under § 6.7. 


XIT 
WIENER’S TAUBERIAN THEOREMS 


12.1. Introduction. In this chapter we return to the ‘Tauberian’ 
theorems whose general character we explained in §7.1. We have 
already proved a considerable number of such theorems, for example, 
in §§6.1-3, in Ch. VII (which was entirely occupied with them), in | 
§§ 9.6-7, and in §9.13; but our methods of proof have varied, and the 
different methods which we have used may seem at first sight to have 
little connexion with one another. Here we give an account of a general 
theory, due in the main to Wiener, which enables us to present most 
of these special theorems as parts of a systematic whole. 

We begin by restating Theorem 92, viz. 

(A) if 8, > 8(A) and s, = O(1), then s, -Ὁ 8 (C, 1). 

This is a typical Tauberian theorem which provides a suitable opening 
for our introductory remarks, but it is more convenient to use the 
integral analogue. The first hypothesis of (A) may be stated in any - 
of the equivalent forms 


] 
Ya,m>s, (1--ὴΣ 8,75 - 8. yd ses, ἘΣ emt >, 


where 7 > 1, y > 0, x > 00; and the conclusion is 


The integral analogue is 


(8) if | 
(12.1.1) : { e-tle F(t) dt -> 1 
and F(t) = O(1), then Ὲ 
(12.1.2) | F(t) dt +1, 
0 


and it is this theorem which we take as our text. 


It may be well to interpolate two remarks whose substance is all but obvious 
after Ch. VII: see in particular ὃ 7.1. 

(i) Theorem (B) is the ‘corrected converse’ of the ‘Abelian’ theorem 

(B’) (12.1.2) wemplies (12.1.1), 
without any additional hypothesis on F(t). This theorem is simple: for if, as we 
may, we take / = 0, then 


t 
F(t) = F(u)du = o(t) 
0 
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implies | ete F(t) dt = : | e—/#F(t)dt = o(= | etext at) = ο(α). 


(ii) Theorem (A) is a trivial corollary of Theorem (B). For, if we assume (B), 
and take F(t) = s, forn < ¢ < n+l, then | 


511 
= | et F(t) dt = : > en | et d¢ = (1—e“l*) ¥ 8, e-"*, 
n 


so that the first hypotheses of (A) and (B) are equivalent. Since the second 
hypotheses and the conclusions are obviously equivalent, (A) follows from (B). 
The argument is much the same as one used in § 7.2. 


The first hypothesis and the conclusion of (B) are each of the form 


(12.1.3) P,(F) : - { α[ὩΡῳά:.»Ἱ | Git) dt. 
In the hypothesis 
Q(t) = G,(t) =e, [ G,(t) dt = 1, 
and in the conclusion 
Q(t) = G,(t) = 1 (0<t<1), 0 (> 1), | Ga(t) at -- 1. 
Thus (B) may be stated in the form 
(12.1.4) P;(F) . F(t) = O(1) - Py,(F); 
and it seems likely that any theorem of this form will have important 


Tauberian consequences. 
If we make the transformations 
| t = er’, ae, F(e) = f(r), e7G(e™) = g(—7), 
then 


1 Ϊ δ Ρῷ dt = Ϊ στέριο Ὁ Fler) dr = Ϊ φ(ξ-- τ) f(z) dr, 


[ G(t) dt = [ g(—7) dr = [ g(r) dr. 
0 πο = 
Thus, replacing ¢ and τ by x and ¢, (12.1.3) becomes 
(12.1.5) Pi(f): [ g(x—t) f(t) dt > 1 | g(t) dt, 
where the range is now (—00,00); and (12.1.4) becomes 
(12.1.6) Ρ (ἢ) . f(t) = Οὐ) > 8.0). 


with appropriate g, and g,.{ We are thus led to ask for general condi- 
tions on g, and g, under which (12.1.6), or a similar theorem with some 


{ Actually with 
gilt) = ete"; g(t) = e* (t>0), O (ὁ « 0). 
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alternative condition on f, may be true. Wiener’s fundamental dis- 
covery is that there is a special condition on g,, which we shall call 
W(g,), and whose form we shall consider in a moment, which almost 
enables us to dispense with conditions on g,. His ‘key theorem’, in any 
of its forms, is a theorem of the type 


(12.1.7) (σι) - FCS) . RUS) - £,,(f), 

where Κι) is a ‘Tauberian’ condition on f, and the conclusion is true, 
not for a special g,, or for g, restricted like g,, but for ‘all reasonable’ g,. 
It is no longer in general true that 


P9(f) ΞΡ Ρρ( ἢ), 


so that the propositions contained in (12.1.7) for different choices of 
91, J, are not all corrected converses of Abelian theorems, though they 
are still “Tauberian’ in a wider sense. We have already met a result 
of this character in Theorem 147. 


12.2. Wiener’s condition. The form of W(g,) is suggested by the 
theory of Fourier transforms of functions of the class L(—0o,00).T 
It is plain that P(f) implies B,(f) when 


h(t) = Σ rm 9(t—ay) 


and this suggests that the inference may be extended, with proper 
precautions, to h(t) of the form 


(12.2.1) h(t) = ἜΣ | r(u)g(t—u) du.t 


We are thus led to ask whether, given a g of L, an arbitrary h of L can 
be expressed in the form (12.2.1), with a kernel r also of L. | 
We define the Fourier transform of a function r(t) of L(—oo,00) by 


(12.2.2) Rit) = os | (wet du 


(and similarly with other letters for r and R). It is familiar§ that, if 
g and r are L, and ἢ is defined by (12.2.1), then ἢ is also L, and | 
H(t) = R(t)G(t). Thus if g and A are given, and we wish to express ἢ in 
the form (12.2.1), we are led to define R(t) by 

H(t) 


(12.2.3) R(t) = Gia} 


Τ Not by Plancherel’s more symmetrical theory for functions of L*(— οὐ, οὐ). 

Ζ Here, and to § 12.7 inclusive, the limits, when not shown, are — oo and oo. 

§ We state the theorems about Fourier transforms which we need more formally in 
§ 12.3. 
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and r(é), in some sense, by the reciprocal Fourier formula 


(12.2.4) r(t) = | R(t)e-™ du. 


ΠΕ ἘΞ 
γ(2π) 
It seems essential, if this solution is to be successful, that 


(12.2.5) G(t) = 535 | g(u)e™ du = 0, 


i.e. that the Fourier transform of g(t) must not vanish. 

We define W as the class of functions which (i) belong to L(—0o,00) 
and (ii) whose Fourier transforms do not vanish for any ¢, and we 
suppose that g, belongs to W. We shall then find (a) that any ἢ of L 
can be expressed in the form (12.2.1), with an r of Z, and (6) that F(/) 
implies P,(f) for any bounded f. That the class W should intervene 
is, as we have seen, quite natural. What is surprising is that so simple 
a hypothesis as ‘g is W’ should be sufficient for so general a conclusion: 
one might naturally expect any theorem of this kind to be encumbered 
with more complex conditions on g, particularly in regard to the 
behaviour of G at infinity. (But see Corrigenda, p. 386.) 

Our main object now is to prove Wiener’s ‘key theorem’ in the form 


THEOREM 220. If (i) gts W, (ii) his L, and (iii) fis bounded, then P,( f) 
implies P,(f), 1.6. 


(12.2.6) [ g(a—t) f(t) dt >1 [ g(t) dt 
umplies 
(12.2.7) [ h(x—t) f(t) dt >1 | hit) dt. 


We shall deduce Theorem 220 from a theorem of Pitt, viz. 


THEOREM 221. If (i) σ is W, (ii) f 18 bounded and slowly oscillating, or 
real, bounded, and slowly decreasing, and (iii) P,(f), t.e. (12.2.6), ἐδ true, 
then f(x) > 1 when x -> oo. | 


Here we use the terms ‘slowly oscillating’ and ‘slowly decreasing’, 
not as they were used in §6.2, but in the alternative sense, appropriate 
to the interval (—0co,00), referred to in the note on ὃ 6.2: the connexion 
between the two senses will become clear in §12.8. We say now that 
f(x) is ‘slowly oscillating’ if 
(12.2.8) fy)—f(«) > 0 
when 


(12.2.9) y> 2, x->OO, y—x > 0, 
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and ‘slowly decreasing’ if it is real and 


(12.2.10) lim{f(y)—f(w)} > 0 
under the same conditions. Thus f(z) is slowly oscillating if f’(z) = O(1), 
and slowly decreasing if f’(~) > —H. It will plainly be sufficient to 
prove Theorem 221 for real and slowly decreasing f. 


12.3. Lemmas concerning Fourier transforms. We shall use the 
following theorems concerning Fourier transforms of functions of L: 
the proofs of the first three will be found in any of the books on the 
subject. We write ‘G ~ σ᾽ for ‘G is the transform of σ᾽. 


THEOREM 222. Ifgis L,and G ~ g, then G is continuous and bounded. 
THEOREM 223. Ifgis Land G ~ g, then 


g(t) = aa} [ G(uje-* du (C, 1), 


U—00 


U 
° ee Τ 1 [Ὁ] —ilu 
1.€. g(t) = lim am J [ =F) ame ut du, 


for almost all t. In particular, of G is null, then g 18 null. 


Actually we need this inversion formula only for the sake of the 
corollary in the last sentence. 


THEOREM 224. If g and r are L, then 


hit) = a | rlw)o(t—u) du 


is L, and H(t) = R(t)G(t). 
THEOREM 225. If P~ p, Q~q, then 
(12.3.1) P(t—c) ~ e-p(t), 
e- , 
(12.3.2) P(t—c)Q(t) ~ Jan) | plt—u)g(uje du, 
and 
(12.3.3) 


1 : 
P(t—c){Q) —Q(c)} ~ πὴ Ϊ {p(t—u)—p(}aq(uje du. 
Of the last three formulae, (12.3.1) is obvious, and (12.3.2) follows 
from (12.3.1) and Theorem 224. As regards (12.3.3), we have 


P(t—c)Q(c) = a sf a(uyetot du ~ τ [ΠῬιραζω) είν ὁ du, 


by (12.3.1), and (12.3.3) follows from this and (12.3.2). 
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12.4. Lemmas concerning the class U. We denote the class of 
transforms of functions of LZ by U; and if 
1 : 

Gu) = π | ue du, 

where g is L, then we write 
1 
nC | ign hau: 


Plainly |G(t)| < U(@) for all real ἐ. 
THEOREM 226. If G, and G, are U, then G+ G, and G, G, are U, and 
U(G,+G) < UG)+U(G),  U(G,) < U(G,)U(G). 
This is obvious for G,+G,. As regards ΟἹ G,, it is the transform of 


h(t) = τῷ | g,(t—u)ga(u) du 
by Theorem 224; and 


U(G, @,) = ΣΝ ἐς | at {ριρ- τ σείων! δὰ 


μ t—u)| du = U(G,)U(G4 

= Ta [Πρ] dure | lu(t—w)| du = O14 TA) 
THEOREM 227. If G, and G, are U, and U(G,) =d <1, then 
= G,/(1+G,) is U, and 

U(H) < 
Since |G,| < U(G,) =d <1 
H = > (—1)°@, Οἱ = 2» (—1)"4,, 
say, and H, is U, by Theorem 226. If H, is the transform of h,, then 


N 1 Ν me 
Σ (—1)"H, = Jan) Ϊ Σ (—1)"h,,(u)e™ du. 
Now U(H,) = “a | |h,| du < U(G,{U(G,)}" = d-U(G,), 


U(G,) 
1—d~ 


by Theorem 226, and 


when UY and Ν tend to infinity. It follows (by the theory of ‘strong 
convergence’ of functions of LZ) that there is an ἢ of LZ such that 


ye) |" 


N N 
< > U(H,,) < U(G) Σ ἄν.» 0 


Ν 
> (—1)"h,,| du > 0, 
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and that {1 {{2πῸ} [ he™ du is 


_ 1 fd Ν Gg 
πξξξεις —_.})\n itu —- ]j __y\n nm __ 1.- Ss ; 
lim 55 | > (—1)"h,, e du = lim Σ (—1)"G, αὐ = i+, H 


Thus His U. Finally, 


ee | ~ 

U(H) = lim —— 
τ N-+0 “[(2πῚ Ϊ | Σ 
Our last lemma concerns special functions which will be important 


in the proof of Theorem 221. We define p(t) by 
p(t) = 1—|e| ({| < 1), 0 (Ὁ 1). 


(6) 


< ΟΚΟΩΣ ἀν: =F =a" 


Then 


Both p(t) and P(t) are DL, and they are transforms of one another, so 
that each is U. We shall also write 


(541). ho =2(6), xy = Pen -- [ZS 


for every positive λ. Then Κλ and k, are transforms of one another and 
both functions are U. 


THEOREM 228. If q,(t) 1s defined by 


(12.4.2) φε(() = 1 (t] <6), 2— ll (ε < |t| < 2e), 0 (lé] > 2ε), 
then the transform of q,(é) 18 


(12.4.3) Q.(t) = JE ros 
Also πρὶ | 1Q,(t) | dt «- 8 


(so that q, is U), and 
[ 1Q.¢—y)—Q-(t)| dt > 0 


when y is fixed and ε + 0. 


Here q,(¢) is the ‘trapezoidal’ fancuion indicated in Fig. 3, and 
q(t) = 2k τὰ k,.(t), from which (12.4.3) follows immediately. Next, 


1—cos 2e¢ ,, 1—cos et 
am J IQuoiae « {{{Ξ|π 4 | 53] 
-Ξ | 1: ΘΟΕ πο = 5. 
Τ : 


4780 U 
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Finally, if C(t) = | Caer ioe Ξ 
ΠΤ 


then Ο,(ἢ) = «C(et), Cis L, and 
J 1Qt—-y)—@,()| dt = ε [ |C(et—ey)—O(et)| dt = f |C(u—ey)—C(u)| du, 


which tends to 0 with e. 


od 


-2¢ -€ 0 € 2€ “2A -2A+3€ 
Fia. 3. Fia. 4. 


12.5. Final lemmas. Our last two lemmas (the first of which is a 
theorem of importance in itself) contain the kernel of the proofs of 
Theorems 221 and 220. 


THEOREM 229. If g is W, h is L, and H(t) = 0 for |t| > 2A, then 
Hi (t)/G(t) 1s U. In particular this is true when H(t) = ky(t). 


That is to say, if G and H are transforms of functions of L, G does 
not vanish for any ¢, and H vanishes for all ¢ outside a finite interval, 
then H/G is the transform of a function of L. 

We divide (— 2A, 2A) into NV equal intervals by the points 


to = —2A, ἢ = —2A+38e, ..., ἔμ = —2A+3nc, ..., ty = 2A, 
ε being chosen so that 3Ne = 44. Then | 


N 


for [{| < 2A (as is apparent from Fig. 4, in which the vertical lines are 
at equal distances «). Thus 


q(t—t,)A(t) Καὶ 
on -> τ΄ Git) = 2, Xe 


say, for |t] < 2A. Since G(t) ~ 0, and A(t) = 0 for |t| > 2A, this equa- 
_ tion holds for all ¢, and it is sufficient, after Theorem 226, to prove that 
Xn is U for each n. We shall prove that this is so for sufficiently small e. 


(12.5.1) 
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Wehave = Gt) = Gt) +{G(t) — Gt) }gnel¢—ty) 
if |é—t,,| < 2e, since then q.,(t—t,) = 1; and 
q(t—t, H(t) = 0 


q.(t—t,,)H (2) _ AG, 
Eat (t)— Git tn) }ae(¢— ty) 1+G;’ 


if cae > 2e. Hence 


Xnlt) = 


where 


ay) = Ξε Gxt) =H), lt) = 


Here G,, G,, and G, are U, by Theorems 226 and 228; and it is suffi- 
cient, after Theorem 227, to prove that 


a Pt) — G(t,)}Gae(é— t,)| «Ι 


Gi(t)— G(tn) 
~~ Ae,) Fo(t—t,). 


12.5.2 U(G 
( ) (63) = aie Ὶ 


for sufficiently small ε. | 
Now y(t) = {4(t)— Gt, )}de(t—tn) 
_ is the Fourier transform of 


πὴ | (alm) Qaleyetse-? ds 
by Theorem 225 (12.3.3). Hence 
Ui = xe [4 [ act—m)—Qaldjotupetse- du 


] 
ΠΣ Ϊ αἱ | | Qae(t—t4) — Qae(t) |] glu) | dex 


= 5 | lawl du [ 1@rct—u)— 9,00] dt 


in 


The inner integral here is bounded, and tends to 0, for any fixed w, 
when ε-» 0, while g is L. It follows that U(y) > 0 when «0. Also 
_|G(t)| has a positive lower bound μ in (— 2A, 2A), since GZ) is continuous 
and does not vanish, and so U(G3) < pU(y) > 0. It follows that 
(12.5.2) is true for sufficiently small ε, and this completes the proof of 
the theorem. 
THEOREM 230. I f 
sin?A(x—#) 

(12.5.3) Jan π [ Rite (x—t) f(t) dt = -- =| Gee fOa > 

for every positive , or for some arbitrarily large λ, when x -> co, and f(t) 1s 
bounded and slowly oscillating, or real, bounded, and slowly decreasing, 
then f(x) > l. 
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We may suppose f(t) real and slowly decreasing, and /= 0. If 
f(x) # 0, then there is a positive 5 such that one of f(z) >6 and 
f(x) < —8 is true for arbitrarily large x: let us take, for example, the 
first hypothesis. Then, since lim{/(y)—f(x)} > 0 if x>oo, y > 2, and 
y—x —> 0, there are an x) = %,(5), as large as we please, and an ἡ = η(δ), 


such that ft) SB (<x <t<x42n). 
If € = x+y, and JM is the upper bound of | f |, πο 
ἔτη 
NE aE F(t) dt . ὃ ᾿εἰηδλ(ξ---ἢ mf If sin ὯΝ x sin"A(S—t) ἢ 
π —t)? ? on λί(ξ--ἢξ. 
Τὴν 
_ δ | sin’Au 4 ( sin2Au du 
ru? juz 
7 
The first integral here tends to ἐπ, the second to 0, whenA—+oo. Hence 
1 f sin?A(é 
- (t) dt 
7 λ(ξ-- ἢ ara ) at > 36 
for sufficiently large A and pieces πρὶ €, and 
a=] = A(x 


in contradiction to (12.5.3). a: can prove similarly that the hypothesis 
f(x) < —6 leads to a contradiction, and the theorem follows. 


It is essential that the hypothesis (12.5.3) should be satisfied for arbitrarily 
large A. The Fourier transform k,(t) of K)(¢) vanishes for |¢| > 2A, so that 


K,(x—t)e%t dt = 0 
for c > 2A. Thus (12.5.3) is true (with 1 = 0) when f(t) = οἶδέ and c > 2A; and 
f is slowly oscillating but does not tend to 0. 


12.6. Proof of Theorems 221 and 220. It is now easy to prove 
Theorem 221. Wemay suppose f(¢) real and slowly decreasing, and / = 0. 
By Theorem 229, k)/G is U, Le. 


where 7, is L. Hence, by Theorem 224, 
k(t) 1 | 
k(t) = “2 (ἢ ~ —_ t—u)r)(u) du 
and, by Theorem 223, for almost all z, 


Ky(z) = | g(x—u)r)(u) du. 


εν 
Jen) 
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Hence 


p(x) = { Ky(w—t)f(t) dé = os | fit) αἱ ge —t—u)r(u) de 


= ‘ns { T,(w) du | g(x—t—u) f(t) dé, 


the inversion being justified by Fubini’s theorem. The inner integral 
here is bounded (since g is Z and f is bounded), and tends to 0 (by 
hypothesis), for each u, when x ->00; and r, is DL. Hence p(x) -» 0 for 
every A, and f(z) > 0, by Theorem 230. 

It is also easy to deduce Theorem 220: we may suppose! = 0. We 
are given that g is W, that h is L, and that f is bounded. If 


m(x) = | h(a—t) f(t) de, 
then plainly m is bounded. Also 


m(y)—m(x) = { {h(y—t)—h(w—t)} f(t) dt, 
|m(y)—m(a)| < M | |My—t)—h(w—t)| dt = Μ f |h(y—e—u)—h(—w)| du, 


where UM is again the upper bound of ||. It follows that m(y)—m/(z) > 0 
when ὦ > οὐ, y—z > 0, ie. that m/(x) is slowly oscillating. 
Also 


g(a—t)m/(t) dt 
Ξε [ g(x—t) dt | h(t—u)f(u) du = | flu) du | g(x—t)h(t—u) dt 


= | fu) du | 9(z—u—w)h(w) dw = f Aw) dw | f@g(@—u—w) du 


(the inversions being again justified by Fubini’s theorem). The inner 
integral is bounded, since g is L and f is bounded; and, by hypothesis, 
it tends to 0, for each w, when x > 00. Alsohis L. Hence 


[ g(x—t)m(t) dt > 0. 


But m(z) is bounded and slowly oscillating, and, therefore, by Theorem 
221, m(x) > 0, which is (12.2.7). 


We have deduced Theorem 220 from Theorem 221. It is also easy to deduce 
Theorem 221 from Theorem 220, but it will be more convenient to prove this in 
§12.8, when we have put the theorems in forms appropriate to the interval 
(0, 00). 
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The condition that G(t) 40 is in a sense a necessary condition in both 
theorems. If G(c) = 0, H(c) - 0, and f(t) = e~**, then 


[{σ(--ἡ (ἢ dt = [ oe) f(e—u) du = ete [ σ(ωλ)εοῖου du = 0 
for every x, but [ μ(α-- f(t) dt = e-**H(c) 


does not tend to 0. Thus the condition is necessary in Theorem 220. Since οὐ 
is also slowly oscillating, the same choice of g and f shows that the condition 1s 
necessary in Theorem 221. 


12.7. Wiener’s second theorem. There is a second theorem of 
Wiener, concerning Stieltjes integrals, which is also deducible from 
Theorem 221. We shall make less use of this theorem than of Theorem 
220, but it is important theoretically because it can be applied directly 
to infinite series. We must begin by defining a new class of functions 
included in and narrower than L. 

We shall say that g(t) is M if it is continuous, and 


(12.7.1) > max (g(t)| « οὐ 
1 


nxt<nt+ 
(the sum running from —oo to oo). It is plain that any g of M is L, 
and that (12.7.1) is equivalent to 


(12.7.2) max \g(t)| <0 
an+b<t<a(n+1)+6 


for any fixed a (not 0) and ὃ. If g is M, and its transform G does not 
vanish for any t, then we say that g is W*: W* is a subclass of W. 
Finally, we consider Stieltjes integrals of the type [ φ(ἐ) ἀα(ἐ), where 
a(t) is of bounded variation in any finite interval of ¢, and 
ἐπὶ 


(12.7.3) | { \da(u)| < H. 
| t 
THEOREM 231. If (i) g is W*, (ii) h is M, (iii) α satisfies (12.7.3), and 
(12.7.4) | g(a—t) dat) > 1 { g(t) dt, 
then 
(12.7.5) i h(x—t) da(t) > 1 | hit) dt. 


We suppose again that / = 0, and now write 


mx) = [ h(x—t) da(t). 


Since 
n+1 


[ Vist) |[da(e)| = f \h(u)|Idace—u)| = & f |e(u)|\doe—w) 


n+1 


<> max \h(a)| [ |da(a—u)| < HS max [A(w)|, 


n<xusntl nsugnt+l1 
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m(z) is bounded. Next, 
m(y)—m(z) = { {y—t)—h(a—t)}da(t) = [ {hy—a-+t)—h()} da(e—t), 


n+1 


|m(y) —m(x)| <> J δ(ψ--α-Εἡ --λ() ||da(x—t)} 


<A} max ἰἦ(υ--α: ὐ)--Μ)]. 


n<t<n+ 
The last series converges uniformly for |y—z| < 1, since 
> max |A(t+7)| 
n<t<n+1 
converges uniformly for |r| < 1; and each term tends to 0 when x > οὐ, 
y > 2x, and y—zx -- 0, since A(t) is continuous. Hence m(y)—m(x) > 0 
under these conditions, and m(x) is slowly oscillating. Finally, 


[ g(x—t)m(t) dt = [ g(x—t) dt | h(t—u) da(u) = [ da(u) | g(x—t)h(t—u) dé, 


the inversion being justified by the convergence of 


[᾿σ(ω-- de { |a(—u)||do(u)|; 
and this is 


f datu) [σ(α--ἐ- γλ(μ) dw = f h(w)dw [ ΓΕ 


The inner integral is bounded and tends to 0, for each w, when x > 00; 
and his M and a fortior: L; so that 


| g(x—t)m(t) dt > 0. 


It now follows from Theorem 221 (as in the proof of Theorem 220) that 
m/(x) —> 0. 

Theorem 231 has the advantage mentioned at the beginning of this 
section, but we shall use it comparatively little. It will usually be more 
convenient to bring our problems, by some preliminary transformation, 
into a form adapted for the application of Theorem 220 or Theorem 221. 


12.8. Theorems for the interval (0,00). We now modify our 
fundamental theorems by an exponential transformation. They then 
become theorems concerning functions defined over (0,00), and it is in 
this form that they are usually most convenient for application. 

We put, for a moment,f 


e—§& εἰ-- τ, f(t)= Fe) = F(t), g(—t) = €G(e) = 7G (zr), 


+ Abandoning the use of capital letters for Fourier transforms. 
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so that i g(t) dt, [ g(x—t)f(t) dt, { oltet=at 


δ ] δ᾿ τ δ ~it dr 
beam J eee : J a3) Γι) dr, J eer a 


We then replace ¢, 7, F, and G by 2, t, f, and g, and the result is as 
follows. The class of functions g of L(—0o,00) becomes the class L(0,00). 
The class W becomes the subclass of L(0,00) for which 


(12.8.1) Ι g(t)t-* dt “Ὁ 0 


for any real x: we still call this class W. The class of slowly oscillating 
(decreasing) functions f becomes the class which is slowly oscillating 
(decreasing) in the sense of § 6.2, i.e. the class such that 


lim{f(y)—f(@)} = 9 — [lim{f(y)—f(x)} > 9] 
when >, y >, μία - 1. 
Thus Theorems 220 and 221 become 
THEOREM 232. If g is W, his L, f is bounded, and 


(12.8.2) : | a(z)Ao at | g(t) dt, 
then | 
(12.8.3) , n(7\ fae >t Ϊ h(t) αἱ. 


THEOREM 233. If g is W, f is bounded and slowly oscillating, or real, 
bounded, and slowly decreasing, in the sense of ὃ 6.2, and (12.8.2) 18 true, 
then f(x) -Ὁ l. 


Here the limits are 0 and oo. Generally, when integrals are written 
without limits, the limits will be —oo and oo if the integral involves 
x—t or οἷσί, 0 and oo if it involves ἐξ or t-*. 

To obtain the analogue of Theorem 231, we put 


i eda(t) = A(e), 


and then replace A by a, when (12.7.3) becomes 


et 
(12.8.4) jae < H. 
t 
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The class UM becomes the class of continuous G for which 
> max |tG(t)| <oo. 


e*<t<e"t1 
Hence, using M in this sense and W* in the corresponding sense, we 
obtain 


THEOREM 234. If (i) g is W*, (ii) h is M, (iii) α satisfies (12.8.4), and 


(12.8.5) : { a(=)datt) > 1 g(t) dt, 
then | 
(12.8.6) : { (=| date) >t { h(t) dt. 


Finally, we observe that if 


e=€4, tart, f=Fo), 9) = 7G), 
then 


[χα -- | aeryar, : [Ὁ [ και = : α[Π) ΓῸ) \ dr, 


and that the classes of functions occurring in the theorems are un- 
changed. Hence 


THEOREM 235. The results of Theorems 232 and 233 remain true when 
az tends to 0 instead of to co in hypotheses and conclusion. 


We can now see how (as was stated in §12.6) Theorem 221 may be 
deduced from Theorem 220. It is the same thing to deduce Theorem 233 
from Theorem 232. If f(t)is bounded, and we take A(t) = 1for0 «ἐς 1, 
h(t) = 0 for ¢ > 1, then it follows from Theorem 232 that 


(12.8.7) = | fe) at Ι. 
0 


If also f(t) is slowly decreasing, then it follows from the integral 
analogue of Theorem 68 of ὃ 6.2 that f(x) > l. 


12.9. Some special kernels. The following special choices of g(t) 
are particularly important: the first is for (—0o,00), the rest for (0,00). 


(1) gt)=e® (c>0): [ σ(ἐγοῖσι dt = Fi (=) e-wlte - 0͵ 
(2) g(t) =e: [ g(t)t-# dt = T(1—ix) £0. 


(3) g(t) =e | (O<t<1), 0 (@> 1): [ g@e-* at — Sais 4 0 
| 1--ἰὰ 
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(4) gt) = kt)? (0 « ὁ « 1), O(¢>1); &>0: 


T(k+1T(1—iz) 


ἩΠ πο ΠΝ Ὧι 


1 
[ g(t)t-* dt = k [ (1---ἰγκτιρτία dt = 
0 


sin t 


(5) gf) = Ar): | g(t)t-* dé = 12°T(—1—iz)sinh ἐπα Κα 0.7 


(6) g(t) = Wee): { g(t)t-* dt = 1221+**T'(— 2—ix)cosh dra σε 0.7 


(1) If a) = 5(e) 
then 
| g(t)t-#2+3 dt = (ix—8) i bee it = (iv —8)P(1— ix +8)C(1 ἐς) 
for ὃ > 0, x ζέ 0; and so, akon 
[ g(t)t- dt = ixT(1—ix)£(1—iz) 


for x ~ 0. If x = 0 then the value is —1. Thus the assertion that g(t) 
is W is equivalent to the theorem that ((1—7x) ~ 0. 


(8) Finally, we suppose g,(¢) = [¢-?] and 
g(t) = 29o(t)—ago(at)—bgo(5t), 


where a and ὁ are positive and log a/log 6 is irrational. The kernel g,(t) 
is not L, since tg,(t) > 1 when ¢ > 0, but 


for small ¢, and g(t) = 0 for large ¢, so that g(t) is ZL. If Rs > 0 then 
γοίϑ) Ξ- [ σο() dt = | [1 dt = {[eJu- du 


~—s—1__9-8— —8—1__3~s~1 ζ(1- 8) 
(12-94) ἐσ, τα. δια) p = A 


= 
] 
y(s) = f g(tyede = (2—-a-*—b-*) — ot). 


This equation has been proved for Rs > 0, but both sides are regular 
for Rs > —1, so that it holds for all such s, and in particular for 
8 = —1x, where x is real. Finally, »(0) = log Bae cee ~ 0, and 


y(—ix) = (2—e*tloga__gixlogb) °\ - aC Se 


Ξε 0 


{ In (5) and (6) we must take the limiting values ἐπ and —1 when z = 0. 
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when x # 0, because loga/log6 is irrational and £(1—iz) 40. Thus 
g(t) is W. 

It will be seen that, in the last two examples, the assertion that g(t) 
is W is equivalent to the theorem that f(s) does not vanish on the line 
σ τ Rs = 1. This naturally suggests that the corresponding cases of 
our theorems will prove important in the theory of the distribution of 
primes. 

The functions (1)- —(7) are plainly all Z, and so (1)-(8) are all W. It is 
also plain that the function (1) is M. Finally, if g is continuous, and 
O(t-1-5), where 8 > 0, for large t, then 


- 
2 max |iég(t)| <H 30 <0, 


e"<t<ettt 


> max |tg(t)| << Η > ετδπ «οὐ. 
0 et<t<e"t} 0 

Hence the functions (1), (2), and (5)-(7) are M, while (4) is M if k > 1, 

but not if k < 1, since then it is discontinuous. 


12.10. Application of the general theorems to some special 
kernels. We now apply our theorems to some of the kernels of § 12.9. 


(1) If 
gt) =e%, = h(t) = k—tk¥* (O<t<1), Aft) =O (ἐ}»]1), 
and k > 0, then Theorem 232 gives 


=| e-tlef(t) dt +1 . f(t) = O(1) > a (x—t)*-4f(t) dt > I, 


1.6. f(t) +1 (A) . ft) = O(1) > fit) +1 (0,1). 


The special case k = 1 is Niessen 92a. We saw in Ch. VIT how we 
could deduce all the theorems of §7.5 from Theorem 92, of which 
some are direct generalizations, and this leads us to ask whether 
there are corresponding extensions of Wiener’s general theorems. In 
particular, is it possible (at the price, no doubt, of further restrictions 
on g) to replace the condition that f(t) is bounded by a one-sided condi- 
tion f(t) > —H? We come back to this question in ὃ 12.12. 

If we take g = k(1—#)*-1 and h = x(1—t)*-!, where 0 < x < k, for 
é<1,andg=hA= 0 fort > 1, we obtain 


f(t) >1 (C,k) . f(t) = O(1) > f(t) > 1 (Cx). 
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If « > k, the inference is Abelian and no secondary condition on f is 
wanted. It is easy to deduce that 

f(x) = O(1) (C, ky) . f(z) > 1 (C, ky) > fle) +1 (C, 4) 
for —1<k,<k < ἔς: this is the form assumed by Theorem 70 for 
functions of a continuous variable. 

(2) If we take g(t) = e+ in Theorem 233, we find that «f f(¢) > / (A), 
and f is bounded and slowly decreasing, then f > 1. This is an imperfect 
theorem (though in no way a trivial one), since, after Theorem 105, the 
condition of boundedness is unnecessary. This leads us to ask whether 
(again probably at the expense of some restriction of g) it may be 
possible to get rid of the condition of boundedness in Theorem 233. 

It is worth while to consider in this connexion why a condition of 
boundedness is unnecessary in Theorem 106a. We obtained this theorem 
in Ch. VII as the climax of a rather intricate chain of reasoning, and 
we consider here only the simplest case, in which f’(t) = O(t-). Then 
the simple argument of §7.2 proves 

f= O(1) (A) . Κ΄ = (ἢ > f= 901); 
and so ‘f bounded’ appears at once as a rather trivial consequence of 
the other hypotheses. 

We cannot expect to answer the question so easily for a general g 
and a less heavily restricted f: but in ὃ 12.13 we shall prove a theorem, 
due substantially to Vijayaraghavan, which answers it under fairly 
general conditions. 

(3) If we suppose & > 1, and take 

g=e*, h= k(1—t)*¥-1 (¢ < 1), h=0 (¢> 1), 


in Theorem 234, we obtain 
et x 
1 ae | dox(r2) | k ᾿ 
=e Wz da(t)—>l . [ΞΞ «8 -» = [-- 1 dat) > 1. 
t 0 


We cannot take k = 1 because then hf, being discontinuous, is not M. 
If now a(t) = s,+8,-+...+8, for πὶ <t< n+ 1 we obtain 


et 
8, >| (A) >> «ἢ - 5, .5ϑ (C,k) 
t 


for k > 1. The second hypothesis is satisfied, in particular, if s, is 
bounded. We are thus led directly to a theorem about series, a little 
more general than Theorem 92 in one way, but weaker in that it asserts 
summability for k > 1 instead of fork = 1. We can prove summability 
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(C,1), or summability (C,k) for any positive k, when 8, 18 bounded, 
by combining the theorem with Theorem 70. In this case there is no 
particular advantage in using Theorem 234 instead of Theorem 232: but 
for other g the passage from integrals to series may be less immediate. 

(4) It is natural, after §4.17 (where we were concerned with the 
similar definitions for series), to express the hypotheses 


2 [ sin?yt sin yt\? 


when y > 0, by 


ft) >t (BR), — f fat =1 (R,2) 
respectively. If we choose g(t) as in ὃ 12.9(5), we obtain 
f(t) > 1 (Rg) . f(t) = O11) > f(t) +1 (C,k) 
for any k > 0. The reverse implication, with R, and (C, 1) interchanged, 
is also valid: the R, and (Ὁ, 1) methods are equivalent for bounded f. 
We shall see in § 12.12 that, when & = 1, the condition of boundedness 


may be replaced by the one-sided condition f > —H. 
Theorem 233 gives 


‘Jt (R,) . fis bounded and slowly decreasing —> f7v: 
this also follows by combining what we have just proved with Theorem 
68a (§6.2). We shall see in § 12.14 that the condition of boundedness 


may be dropped. 
Theorem 234 gives 


(12.10.3) 8, > 8 (R,) . 8, = O(1) - 8, > 8 (C,k) 


for k > 1. We may get rid of the restriction k > 1, as under (3), by 
use of Theorem 70. | 

It will be observed that in none of these cases is the full truth 
revealed immediately by one of the ‘key theorems’: a supplementary 
argument, depending on intrinsically simpler theorems, is necessary in 
each case. And all the results may be proved by other methods. Thus 
Szasz, using Theorem 94, but without appealing to any of Wiener’s 
theorems, proved that 


_ 4 Obs ioe: Σι; ae = 

lim >, -sin 3n08 =1. nb, Σ --Η > lim 5 2, thn 1, 
and Hardy and Rogosinski afterwards proved this and the reverse 
implication still more simply. If we replace 6 by 2y and nb, by s,, we 
obtain (12.10.3), with the one-sided generalization. 
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Again, we shall see in Appendix III that summability (R,) implies 
summability (A), without any reservation on the sequence or function 
considered. We shall then be able to deduce any of these Tauberian 
theorems for R, from its analogue for A. 

(5) The hypothesis (12.10.2) is not, as it stands, one of Wiener’s 
type. If, however, 


t 
F(t) = { f(u) du = ο( ἢ 
0 
for large t, then partial integration gives 


feral edo dt =y { o(yt) F(t) dt, 


where g(t) is, apart from sign, the function of §12.9(6). We shall see 
in Appendix III that the convergence of > n-*sin?’nya,, for all small y, 
implies that of > n—%a,, and a fortiori implies s, = o(n*). If we take 
this, and the corresponding theorem for integrals, for granted, then 
Theorem 232 gives 


fl (R,2). f= O0(1) > f+! (C,4), 


and similar questions about possible generalization present themselves. 
We shall see in § 12.16 that these are less simple for this g(t) because 
it is not of constant sign. We shall, however, prove in Appendix IIT 
that summability (R, 2) always implies summability (A), so that the 
Tauberian theorems for (R, 2), like those for R,, may be deduced 
from those for A. 

We end this section by two general remarks. 

(a) It will often happen that the result given by Wiener’s theorems 
is one which may be proved more simply by other methods: this is true, 
for example, of all the theorems of Ch. VII, and of the theorems referred 
to under (4) above. The merits of Wiener’s method lie in its great power 
and generality, and the light which it throws on the whole subject; 
not in simplicity. ; 

(Ὁ) There will be a complex of Tauberian theorems associated with 
any particular kernel g(t) and connected by relations of varying simpli- 
city. One of the Wiener theorems concerning g will ‘hit the map’ in 
a particular place, which will not always be just the place we want. 
It will usually be possible to pass from one spot on the map to another 
by comparatively simple arguments; and it is usually easier to do this 
than to strain for variations of the general theorems, though such 
variations have often considerable intrinsic interest. 
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12.11. Applications to the theory of primes. One of the out- 
standing applications of Wiener’s theorems is to the theory of prime 
numbers. It had long been familiar that the ‘prime number theorem’ 


x 
(12.11.1) πα) Pees 
was ‘roughly equivalent’ to the theorem (first ee by Hadamard 
and de la Vallée-Poussin) that 


(12.11.2) C(l-+ir) 40 
for any real τ. Wiener’s theorems enable us to present this equivalence 
in a much sharper form than was possible before. All previous proofs 
of the prime number theorem took from the theory of {(s) not merely 
(12.11.2) but some stronger result such as 


[ζ(1-1}} > H (log |7|)-* 


for large |r|. 
It is known that the prime number theorem is equivalent to 
(12.11.3) h(a) = on A(n) ~ a, 


and also enoaee the proof of this is less familiar) to 

(12.11.4) M(x) = 2 Hn) = 0(x).f 

We shall deduce (12.11.4) from Theorem 233 and (12.11.2). We choose 
g(t) as in §12.9(8), and 

(12.11.5) f@) = tM). 

We saw in ὃ 12.9 that g is W, and it is obvious that f is bounded. Hence, 


if we can prove (i) that f is slowly oscillating and (ii) that f and g satisfy 
(12.8.2) with / = 0, then (12.11.4) will follow from Theorem 233. Now 


fly) —fte) = SBS) — SW 76) ἐμ --ἢ 
1 γα My) _ 
~~. Ξῷ 


when x 00, y/x > 1. Thus f is slowly oscillating. Finally, 


folejroa~ {|| 9«- ΠΣ Σμο) δ - > a [4 


γικαϊς πεῖ 


= > H(n)log = = 2, log ~ =o) p(n) = logx = o(z), 


MNn<xr 9.2 


Τ᾿ For the definitions of A(n) and p(n) see Hardy and Wright, Chs. 16-17. We shall give 
the deduction of (12.11.3) from (12.11.4) in Appendix IV. 
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since the inner sum is Ὁ unless g = 1, and then it is 1. Hence 


[ o(g)nmae—2 [ afZ)s10 ata [ on(Z) 700 a¢—-b | o0(Z) 10 ato), 


which is (12.8.2) with 1 = 0. We thus obtain (12.11.4) and the prime 
number theorem. 


12.12. One-sided conditions. In this section we show how it may 
be possible to replace the condition that the f(t) of Theorem 232 is 
bounded by the more general condition 
(12.12.1) f(t) > —H. 

We confine ourselves for simplicity to the most important special case, 
in which A(t) is the g(t) of §12.9 (3); and we shall find it necessary 
to put additional restrictions on our present g(t). 

THEOREM 236. If (i) g is W, (ii) g > 0 for allt, (iii) there are positive 

numbers c and K such that 


(12.12. ᾿ g(t) > 
for 0 <t<ce, (iv) f satisfies (12.12.1), — (v) f and g satisfy oe 8.2), 
then f(z) +1 (0,1). 


_ We may suppose (adding H to f) that f > 0, and that | g(t)dt = 1. 
We write 


(12.12.3) o(x) = qi f(t) dt, 
so that 

(12.12.4) o' (x) = {{(α]--- σ(α)} } α 
for almost all x. Then 


1 Ἵ “) A )dt > — E f soa - Keo(cx) > 


The left-hand side tends to a limit δὴ xz -> 00, and is therefore bounded 
for large x. Thus o(x) is bounded for large x, and therefore for x > 1. 
If o(z) < p for x > 1, then, by (12.12.4), 


σ') > --α'Ἰσᾷᾳὴ) > —pa 
for almost all ᾧ > 1. Hence o(x) is slowly decreasing. Next, 


| 9(u)fleu) d μ-» 


and so | - | dy | g(u) f(yu) du -- ἰ. 
0 
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But the left-hand side is 


: [ g(u) du [ Κίψιὴ ἀν = | κω ας [μω au| du 
0 0 
a { g(u)o(au) du == | a(7) awa 


Hence the last integral tends to 1. Applying Theorem 233, with o for ἢ, 
we find that o(x) — l, 1.6. f(x) >1(C, 1). 


The conditions are satisfied, for example, if g(t) is e~ or ant Ἴ- The 
first case gives Theorem 94a, while the second gives 
THEOREM 237. If f(t) >1(R,) and f(t) > —H, then f(t) > U(C, 1). 


This, together with the corresponding result with R, and (C, 1) inter- 
changed, is the theorem of Wiener referred to in ὃ 12.10(4), and proved 
otherwise by Szasz and by Hardy and Rogosinski. The conditions of 
Theorem 236 are not satisfied when g(t) is the kernel of § 12.9(6), associ- 
ated with (R, 2) summability, since this g(¢) is not of constant sign. 

Theorem 236, unlike Theorems 232 or 233, is one with a specialized h, 
but this is not a serious disadvantage, since it is usually possible to 
deduce (12.8.3), with whatever h we may require, from the existence 
of the (C, 1) limit. The theorem is not true for all g of W: some additional 
condition on g is essential. Suppose, for example, that 


g(t) = 1—2log= (O<t<1), 0 (ἐ ΣΞ 1). 


Plainly g is LD, and 


: 1 2 Ι- 
| ace 5: ἃ ae Gem 


so that gis W. If f(t) = ἐ, then f > 0 and 


τ [Ὁ [ | ae -- 2 f (12 2)eat— = { (1—210¢2) au — 0, 


but f(x) > οὐ (C, 1). 


12.13. Vijayaraghavan’s theorem. Our next theorem is of a 
different kind and does not depend upon the theory of Fourier trans- 


forms. 
4780 x 
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We are led to it by a remark which we made, in §12.10(2), about 
the applications of Theorems 232 and 233. These theorems depend on 
the hypothesis that f(t) is bounded, but this hypothesis is often redun- 
dant in the application. It is therefore important to obtain other 
theorems in which the boundedness of f(t) appears as a conclusion 
instead of as a hypothesis. Such a theorem should be of the type ‘if 
g(t) is L, and satisfies, say, conditions («); f(), or s,, satisfies conditions 


(8); and 


Ὁ [{{Π|κραι.-«ἱ {σίραι Jor Σ σ[5)».-.1 [σθαι] 


or at any rate the sum or integral is bounded; then f(é), or s,, is 
bounded’. Conditions (8) will not by themselves imply boundedness, 
and conditions (a) will not include Wiener’s. This section and the next 
will be occupied by the proof of a theorem of this character, due 
essentially to Vijayaraghavan. It will be convenient to work, as he 
does, with series rather than integrals, and to generalize his hypotheses 
a little. 

In what follows, then, we shall be concerned with a method of 
summation defined by 


(12.13.1) τί) = > c,(x)8, > 8. 

We suppose that 

(12.13.2) ο,(α) > 0, c,(x)>0 (ὦ -» οὐ), > c,(x) = 1, 

so that the method is totally regular. 
THEOREM 238. Suppose that the following conditions are satisfied. 
(i) J(u) ts positive and differentiable for u > 1; 

(12.13.3) dh > 0, 0 -«- φ <K, 

where K 18 independent of u, 


dt 
(12.18.4) ie ee (eal 
| p(t) 


(so that D > c with u). 

(ii) The coefficients c, have, in addition to those already stated, the 
properties: - 
(12.13.5) ment) > 0 
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af M—>o, x - οὐ, ®(x)—O(M) > οὦ; 

(12.13.6) > en(2) > 0, 

(12.13.7) Σ en(@ O(n) _®(N)} > 0, 

if N>0, 230, (N)—®(x)+00.4 
(111) If s(t) = s, forn <t < n+l, then 

(12.13.8) lim{s(t)—s(u)} > 0 

when uU > OO, t > 4, Fay 


(iv) r(x) = > ¢,(x)s,, 18 bounded. 

Then s,, 18 bounded. 

We shall require a lemma. 

THEOREM 239. If s(t) satisfies condition (111) and ¢(u) condition (1) of 
Theorem 238, then there are positive numbers a and b such that 


(12.18.9) s(q)—s(p) > —a b = —a{O(q)—®(p)}—b 


du 
p bu) 
forg>p21. 

It follows from condition (iii) that there are a U and ὃ such that 


(12.13.10) s(t)—s(u) > —1 
if 
t—u 
(12.13.11) t>us U, = nO: 
p(u) 


If, on the other hand, u < U, ὁ << U+64(U), then s(f)—s(u) has a 
lower bound depending only on U. It follows that there are numbers 
y and 6 such that 


(12.13.12) s(t)—s(u) > —y 
for all ὁ and zw for which 
(12.13.13) 0<t—u < δφ(ω). 


{ That is to say, 
> C,(@) < ε, Σ ¢n(2) < €, Σ cn(2)(P(n)—O(N -«ε 


0 
if z, M, N, O(x)—®(M), O(N)—D(z) are all greater than numbers depending on e. In 
the applications z = "( ἢ), M = M(H), N = N(#) will be functions of a single para- 
meter H which tends to οὐ. We shall not use the full force of our conditions on ¢(u) 
and c,, and are content to state the theorem in a form sufficiently general for the 
applications. 
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We write 


(12.13.14) po=p, Py = PotSh(Do), ...» Prir = De +5h(p,); 
and suppose that p, <q < p,,,. Then 


(12.13.15)  s(q)—s(p) = Σ ἰδ(}...)---8(}.}}- 8(4)---8(},) > —(r+1)y, 
by (12.13.12), and 
12.13.16 Sr = S Pasa Pati Px 
( ' eae P( Px) 
Now 
(Pri) = P(Dy) + (Prr1—Pr)P (E) (Dy << & < Puss), 
P( Perr) = $(py){1+-84'(E)} < (1+8K)b(p,), 
(12.13.17) 
ὃ ΙΝ ἔκ TPs 
ἄξω > 2 dow < 


Do 


It follows from (12.13.15) and (12.13.17) that 


ᾳ 
Ι 
s(q)—a(p) > ~r(5-+) | 2 — 
which is (12.13.9). “ 


12.14. Proof of Theorem 238. We have to prove s,, bounded. 18, 
tended to oo or to —oo, then r(x) would do the same (since the trans- 
formation is totally regular). It is therefore sufficient to prove that 
the hypotheses 


(a) τί) = O(1), (Ὁ) lim|s,| = 00 
(c) 8, does not tend to oo or to —oo, 
lead to a contradiction. We write | 


(12.14.1) σχ() = maxs,, o,(¢) = max(—s,). 
nxt nat. 


Then it is plain that o,(t) and o,(t) increase with ¢, that one at least 
of them tends to oo, and that there are two possibilities: either 
(x) o,(n) > o,(n) for an infinity of ἢ, or (8) o,(n) < o,(n) for all suffi- 
ciently large n. We consider these two possibilities in turn, and show 
that each leads to contradiction. | 

Case (x). It is plain that in this case o,(t) > οὐ, and that, given any 
H, there are M for which 


(12.14.2) Sy == σὴ > 2H, o,(M) > o,(M). 
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We choose the least M -- M(H) satisfying these conditions, and then 
the least N = N(H) > M such that 

(12.14.3) Su < $8y: 

there are certainly such N when d is large, since otherwise s, would 
tend to oo. 3 


Since Sy—Sy > —a{O(N)—O(M)}—4, 
aAm(N)—®(M)} > sy—sy—b  ξ8μ--ῦ > H—S, 
and so ®(N)—®(M) > 
when H -+0o. Hence, if we define x by 
(12.14.4) ®(x) = HO(M)+O(N)}, 
then | 
(12.14.5) @O(x)—O(M) > οὐ, @(N)—(xz) > 00. 
We write 


(13.14.6) τία) -- (Σ΄ +S + Σ )oyla)ey = τι) Ἐ τι) τρί), 


and estimate τι, τ, and 7; in turn, denoting generally by 8(H) a function 
of H which tends to 0 when ἢ -> οὐ. First, 


(1214.7) (2) > —o\M) E cy > —oy(M) cy > —8(H)04( I) 


by (12.14.1), (12.14.2), and (12.13.5). Secondly, since WN is the first n 
after M which satisfies (12.14.3), 
(12.14.8) 
ΜΥΣ Aan ss oes 3(H 
ro(2) > ἐσ (ἈΠ) ¥ ey = doy(M)(1— 3 on > on) > ($—-3(H)}o,(M), 


by (12.14.2), (12.13.5), and (12.13.6). Thirdly, if n > N, 


(12.14.9) Sy —S8y_1 > —a{O(n)—®(N—1)}—), 
by (12.18.9). Also sy_, > $84 > H > b+1 for large H, and 
Fe | 
®(N)—O(N—1) = ----- -> 0, 
i ) 


so that a®(N) < a®(N—1)+1 for ὙΠῸ: i. It now follows from (12.14.9) 
that 

8, > —aO(n)—®(N—1)}+-1 > —af{O(n)—®(N)} 
for large H, and that 


(12.14.10) -,(z) > —a > c,{(n)—O(N)} > —8(H) 
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by (12.13.7). Finally, combining (12.14.7), (12.14.8), and (12.14.10), we 
obtain 
τί) > —8(H)o,(M)+ {4—8(A)}o,(1)—8(A), 
which tends to infinity with H, in contradiction to the hypothesis that 
+(x) is bounded. Thus case («) leads to a contradiction. 
| Case (8). In this case o,(n) > o,(n) for all large n, and σς(η) -» οο. We 
choose the least N = N(H) such that 


(12.14.11) o,(n) >o,(n) (n>N), sy = —o,(N) < —2H; 


and then the last M = M(H) < N for which s, > 48y = —}eo,(N): 
there are certainly such M when H is large, since otherwise s, would 
tend to —oo. Thus 


(12.14.12) 8.2: > —4$o,(N), 8, - —40,(N) (M<n< WN). 
Then 
(12.14.13) Sy—Sy > —aO(N)—O(M)}—), 


by (12.18.9), and sy—sy < 48) < —4H, so that 
a{®(N)—O(M)} > H—6S, 
and ®(N)—®(M) -> co when H -> oo. Hence (12.14.5) is still true when 


z is defined by (12.14.4). 
We now write 


M N οο 
(12.14.14) τί) --ἰ Σ + Σ -Ὁ Σ )on(a)s, = τηία)-Ἐ τρία) τρία), 


m=M+1 N+1 
and estimate τι, το; and τῷ. First, 
(12.14.15) 
M M M 
τι(α) < o,(1) Σ Cn < o,(V) > Cr < a,(N) pS Cn < 5(H)o,(\), 


6 
by (12.14.1), (12.14.11), and (12.13.5). Secondly, 


N N 
(12.14.16) τρία) = ¥ ¢,5, < —4}o,(N) > δ, 
| M1 M+1 


οο 


Μ 
= —4o,(N)(1— Σ ο,-- Σ Cn) « —{4-8(A)}o,(N), 
' 0 N¥1 
by (12.14.12), (12.13.5), and (12.13,6). Thirdly, 
(12.14.17) τοί) = Σ δ, Sn ΞΞ 5 C,03(n) < 5 Cy Fy (2) 

ΝΤι ΝΤι NF1 


-- Σ C,{0,(N)-+4,(n)—o,(N)}. 
NF1 
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Now 

(12.14.18) —s,—o,(N) = —s,+8y < a{O(n)—O(N)}+6 

for n > N, by (12.13.9), and therefore 


(12.14.19) g,(n)—o,(N) < αἰῷ(η)---Φ( Δ} -Ε6. 
Hence, after (12.14.17), 
(12.14.20) 


τε") < σς( Νὴ Σ᾽ Carta Σ C,{P(n)—O(N +b > Cy, < 8(H)o,(N), 
N¥1 ΝΤι +1 
by (12.13.6) and (12.13.7). Finally, it follows from (12.14.15), (12.14.16), 


and (12.14.20) that 
τί) < —{4—8(H)}o,(N), 


and so that 7(x) -» —oo when Hoo. This is again a contradiction, 
so that case (8) is disposed of and the theorem proved. 


Suppose in particular that 
Cy = (l—e-'*)e-"2, d(u) = τι, @(u) = logu. 
M M 
Then Sc, = (l—e NV) Σ 6." = 1—e ΓΕΔ) < ae -» 0 
0 0 
if M/x — 0, i.e. logz—log M — oo; and 
οο oe] 
Yc, = (l—e'"*) Fem = ee +0 
N N 


if N/x —> οὐ, i.e. log N—logx -- οὐ. Finally, 


οο 
> cy log == (l—e—1/*) Δ toe( log (1- 5). —(N+v)/x 


n=N y=(0 


< ear —v{x 1— ent Lg —N |x 
ED, eM < fale ty eal, 
which tends to 0 if x -- οὐ, log N—logz — o. 

Thus the conditions (i) and (ii) of Theorem 238 are satisfied, while (111) asserts 
that s, is slowly decreasing in the sense of §6.2. It follows that of s, = O(1) (A), 
and 8,, ἰδ slowly decreasing, then 8, = O(1). We can now deduce from Theorem 233 
that if 8, > 8(A), and s, is slowly decreasing, then 8, —> 8, which is Theorem 106. 
Thus Theorem 106 is a corollary of Theorems 233 and 238, though (as we saw in 
§ 12.10 (2)) not of Theorem 233 alone. 

As a second example, we may take 


coer τ 5), a= (FE) 


+ o,(n) = max(—s,) = max{o,(N), —8y+1,-.-» —8,}- If the maximum arose from o,(N), 
ven 


(12.14.19) would be trivial ; if from one of —8y44, ...» τ 8η» then it follows from (12.14.18), 
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(with the same ¢ and ®). Then (12.13.1) is equivalent to s, —> s(R,). In this case 


N 
, © ΟῚ 
I t = x og u 
= o(« f jtow <a) ἘΞ oF [ a) iu} — 0, 
1 


when x/M -- οὐ and Ν ὦ —> oo, so that the conditions of Theorem 238 are satisfied. 
Thus, combining the theorem with Theorems 234, 70, and 68,7 we obtain 


THEOREM 240. If s, —> 8(R,), and s, is real and slowly decreasing, then 8, —> 8. 


12.15. Borel summability. We proved in § 9.13 that s, > 8 (B) and 
a, = O(n-*) imply s,, - 8. Our object now is to prove 


THEOREM 241. If s, > s (B) and 


(12.15.1) lim(s,—8,,) = 0 
when 

(12.16.2) mo, m>m, τπτ-»0, 
then s,, > 8. 


This theorem, first proved by R. Schmidt and Vijayaraghavan, is 
the most general Tauberian theorem concerning (B) summability. 

There are various methods. We may combine Theorem 238 with the 
ideas used by Hardy and Littlewood in their original proof of Theorem 
156: this is the method followed by Vijayaraghavan. Alternatively, we 
may combine it with those used in §§ 9.10-13.t It is more natural here 
to combine Theorem 238 with a theorem of Wiener’s type, and this is 
the course which we shall follow. | 

We observe first that it is unnecessary to distinguish between summa- 
bility (B) and summability (Β΄). For 8, -» 8 (B’) is equivalent to 
8,-1 > 8 (B), by Theorem 126, and the condition (12.15.1) is plainly 
unaltered by the change of m, n into m—1, n—1. | 

t See § 12.10(4). 


{ Certain parts of the argument of §§9.10-13, in which we used the full hypothesis 
ay, = O(n-+), must then be modified, but the modifications required are not difficult. 
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We next verify that the (B) method of summation satisfies the 
conditions of Theorem 238, with ¢(u) = 2vu, Φ(ω) = Vw—1. We have 
to show that 


M ee) 
᾿ gn | ae en 
(12.16.33 ὁ *> τ59, (12.15.4) ὁ oa 
0 
(12.15.5) e-t Σ (vn—VN)— -> 0, 
when 
(12.15.6) Nx—vM -» οὐ, VN --- νὰ > 00. 


If O0<ve—VM =p then M = VM(vx—p) ΞΞ χ--μνα; and if 
< VN—vx =v then Ν >24+2vvxe > a-+vvx. Hence (12.15.3) and 
(12.15.4) will follow from 


στ UNE οο : 

᾿ x ; a 
lim {e-7 > —| = 0, lim [6.5 Σ =) = 0; 

SVX, 00 nN: 200, y—>00 nN! 


n=0 L+vva 
and these are true by Theorem ioe As pin (12.15. 5), we have 
6 > (vn WY) <> (n— —N)— > te a) 
n=N n=N ἜΣ 
ez «Ὁ an e-t— aftm 
2. -ΣΞ5.--- 2. το τὸς 
ας : . ar ss 
E+vvé vvg 


where ἔ = [x]. It follows from Theorem 137} that this is 


of: > ann) = o(3 i teHl2g it) = of { ue“ ia == 0(1). 


ἀν 
Thus conditions (i) and (ii) of Theorem 238 are satisfied. Hence (if the 
conditions of Theorem 241 are satisfied) s,, is bounded. 

In order to use Wiener’s theorems, we must express summability (B) 
by an integral relation of Wiener’s type. We may suppose, after what 
precedes, that s,, is bounded, and we may take s = 0, so that s, > 0(B). 
Then we proved in § 9.10 (Theorem 151) that 


= | e~t-aF2z3(¢) dt > 0 
0 
when z > 00,f i.e. that 


| Γ (u®—y?)2) w 
(12.15.7) | exn{- Dye 7 (ἢ) du —> 0 
0 
T Using (9.1.8) for the range (vf, ξζ) and (9.1.6) for (ἐζ, 00). See the remark in § 9.10 


_ about the triviality of the ‘tails’ of such sums. 
t Actually we assumed only that s,, = o(./n). | 
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when yoo. We now replace this by the simpler formula 
(12.15.8) | e~Au—ws(ay2) du —> 0. 


It is plain that (12.15.8) will follow from (12.15.7), when s(é) is 
bounded, if 


(12.15.9) | e~2u—yy —Hexp{ FP) du — 0, 
ae y zy 
i.e. if 
(12.15.10) w= [|φώ, y)|dw > 0, 
-ν 
where d(w,y) = eat ΦΈΡ οί — 200 HE) 


We divide J into the two parts J, and J, in which |w| > γα and 
[0] < y*, where 0 < 3a <1. In J, for large y, 


0 < 2% «Ἰω], ———— > $; 


and ¢ = O(|wl|e-#”), so that J, is trivial. In J, we have w = O(y*), 


YF 14 Oly PE )'— 1 O(y*-} 
τ τον ἢ), δὴ τοί ἢ). 


2 
exp{—2ua( 7 “| = exp{—2w?+ O(y8*1)} = e-2*{1+ O(y8“-))}, 
J, = O(y>*-1) [ e-2* dw -» 0. 
This proves (12.15.9) and therefore (12.15.8). 
We now take g(t) = e-™ and f(t) = s(t?) fort > 0, 0 fort < 0. Then 
gis W (§12.9(1)). Ift > u, wu>o, t—u> 0,7 = #, v = uv’, then 
τ-τυ [{3--ἰἪῇ 
-- - = 2(t— 
a ge 2 3 δ. 
and 80 lim{ f(t) —flw)} = lim{s(r)—s(v)} > 0. 
Hence f(t) is slowly decreasing (δ 12.2); and, since we have proved it 
bounded, it follows from Theorem 221 that f(é) > 0, i.e. that s, > 0. 


12.16. Summability (R, 2). We end this chapter by proving the 
theorem for (R, 2) summability which corresponds to Theorems 106 and 
240, viz. 

THEOREM 242. If s, > s(R, 2), 1.6. of 


χίθ) = > a= “)> 


when 0 -> 0, and s,, is slowly decreasing, then > a, = 8. 
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This theorem, and its analogue for f(¢), present fresh difficulties, since 
the g(t) now relevant, as we saw in §§ 12.10(5) and § 12.12, is not positive. 
If we knew that s, is bounded, we could prove the theorem on the 
lines sketched in §12.10, first deducing summability (C,&) from our 
general theorems, and then passing to convergence by means of 
Theorems 70 and 68. But we cannot supplement this argument here 
by an appeal to our later theorems, and it seems simplest to use different 
methods. 

We write 

αὐ =A, (a, ἘΞ 0), 0 (α, <9); a, =a, (α, <9), 0 (a, > 9); 
so that a, = at-+az, |a,| =a~t—a,. Weare given that lim(s, —s,,) > 0 
when n > m, m-> οὐ, (n—m)/m - 0; and it follows, taking m = n—1, 
that a, -» 0, and that Σ᾽ n-*a; is (absolutely) convergent. 

Next, > na, sin’n@ is (by hypothesis) convergent for small 6. It 
follows that > n-*a; sin?n@ is convergent for small θ, and therefore, by 
Egoroff’s theorem, uniformly convergent in a set E of positive measure 


mE. Hence aa 
SS { sin’nd d9 «- οὐ. 
γὺ 
E 


But [ sin2n6 ἀθ = 4 [ (1—cos 2n6) dd > 4mE 
E E 


when n->0o. Hence Σ n~*az is convergent, and > n-a, absolutely 
convergent. 7 

We suppose, as we may, that s = 0. Then the series for 0?y(6) con- 
verges absolutely and uniformly for all positive θ, and χ(θ) = o(1) when 
6—>0. Ifd > 0 then 


36? x(8) Ἢ a 
Se dé Oe ὁ [ (00s 28) sp 551 8ὲ "- > = 5(1---τῷ 5), 


the term-by-term integration being justified because 
| lan | δαθ 


pe OO 
Differentiating twice with respect to 5, we tind 
1 af ὃ 6(3?— 36?) 
—2nd “ 2 ae = 2 
Taye ~ | @x() sail 5) 16 = —={ (0) aoe ὅθ. 


Since χίθ) = o(1), the integral here is 


of | ecane 49) = ο | ame a} = of 
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when ὃ -» 0; and so > a,,e-2” -> 0, i.e. s, -» 8 (4). The conclusion now 
follows from Theorem 106. 

We have proved that if s, >s(R,2), and s,, is slowly decreasing,t 
then s, -> s(A); and this is enough for our purpose. It is, however, an 
imperfect theorem because, as we stated in §12.10(5) and shall prove 
in Appendix ITI, 8, -» s(R, 2) implies s,, > s (A) without any restriction 
on s,. If this were granted, then Theorem 242 would naturally be a 
direct corollary of Theorem 106. 


NOTES ON CHAPTER XII 


§ 12.1. Wiener’s original investigations are contained in his book The Fourier 
integral and his paper ‘Tauberian theorems’, Annals (2), 33 (1932), 1-100: the 
latter includes an elaborate bibliography of earlier work. A good many generaliza- 
tions and simplifications have been made since by other writers, particularly by | 
Pitt, PEMS (2), 44 (1938), 243-88. An important intermediate paper is that of 
Bochner, BS (1933), 126-44: Bochner shows that Wiener’s analysis may be 
simplified considerably if we are prepared to impose rather stronger conditions 
on the kernels g. 

There is a very clear account of the theory in Widder, ch. 5: both his account 
and that in §§ 12.1—8 are based largely on Pitt’s. | 

§12.3. The theorems stated without proof in this section will be found in 
Titchmarsh’s Fourier integrals. 

§12.4. For ‘strong convergence’ see Titchmarsh, Theory of functions, 386 et 
seq.; Littlewood, 45 et seq. 

$12.9. All these kernels appear in Wiener’s work except (8), which was 
introduced by Ingham, JZMS, 20 (1945), 171-80. . 

§ 12.10. The theorems referred to in this section have been proved by different 
writers with different degrees of generality, and we do not give detailed references 
here: Broadly, the results of (1)-(3) were known before Wiener, his contribution 
being to include them in his general theory, while in (4) and (5) the results also 
are mostly his. 

The papers of Szaész and of Hardy and Rogosinski referred to will be found in 
AM, 61 (1933), 185-201 and JEMS, 18 (1943), 50-7. 

§ 12.11. We have given Ingham’s proof of the prime number theorem, I.c. under 
§ 12.9. Wiener’s proof is based on the kernel (7) (of ὃ 12.9). Cf. Widder, 224-33. 
Widder includes proofs that ζ(1 - ὑτ) * 0 and of all arithmetical theorems needed. 
Wiener and Widder aim directly at (12.11.3). If we choose, as in the text, to work 
with p(n), then it is convenient to take 

(a) > n(n) converges to 0 
as our immediate goal: (12.11.4) is a corollary, by Theorem 26 (§4.7). If 


κω -- Σ ΕΘ, 
nxt 


1 Actually we have used much less, in fact only lima, > 0. 
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then f(t), being the sum-function of a series whose general term is O(n-), is slowly 
oscillating. Also, if ¢ > 1, 


> w|=] = Seem) EL = Σ mln) = ¥ Σ μίη) -- 


nat 


Hence ‘> ee = 1- Σ w(n)(=— (=|) = O(t) 
nxt nxt 


for ὁ > 1, and so f(t) (which is zero for t < 1) is bounded. Thus f(t) satisfies the 
conditions of Theorem 233, and it is sufficient to prove (12.8.2) with this f and with 
g as in ὃ 12.9(7). 

enn 


If Fy) = > pln) 


then, on the one hand, 
1 
Fy) = Eun) Semm = Yew Zan) -- στ = 011) = o(:). 


when y -- 0, and on the other, 


Fly) = = τ Σ ὅν ΓΗ 


=2 > Stn 4 a sam ὁ τί (#5) dt = Ϊ f(t)g(yt) dt. 


Thus the last integral is o(y—), and this proves (12.8.2). 

There is a further and quite different proof of the prime number theorem, based 
on Wiener’s ideas as developed by Ikehara. For this see Widder, 233 et seq. 
The proof was reduced to its simplest form by Landau, BS (1932), 514-21. See 
also Bochner, MZ, 37 (1933), 1-9; Heilbronn and Landau, ibid. 10-16, 17, and 

18-21; Karamata, MZ, 38 (1934), 701-8. 

§12.12. Theorem 236 is apparently new. There is a theorem of Pitt [DMJ, 

4 (1938), 437-40], proved in Widder, 215-21, which we might use instead and 
which imposes less restriction on g, but the proof is more difficult, and Theorem 
236 is sufficient for our purposes here. 

§§12.13-14. Vijayaraghavan, JZDMS, 1 (1926), 113-20, and PLMS (2), 27 
(1928), 316-26, proved the two cases of Theorem 238 required for A and B 
summability. The arguments which he used in these cases contain all the essential 
features of the proof of the general theorem. See also Karamata, MZ, 34 (1932), 
737-40, and 37 (1933), 582-8. 

δ 12.15. Theorem 241 was first proved in this form by R. Schmidt, Schriften d. 
Kénigsberger gelehrten Gesellschaft, 1 (1925), 205~56; and other proofs have been 
given by Vijayaraghavan, l.c. supra, and Wiener (1.6. under §12.1). The proof 
here is essentially a simplification of Wiener’s. 

§ 12.16. For Egoroff’s theorem see Titchmarsh, Theory of functions, 339, or 
Littlewood, 30~1. 


XIII 
THE EULER-MACLAURIN SUM FORMULA 


13.1. Introduction. The ‘Euler-Maclaurin sum formula’ 
ἊΝ me ᾿ 1 S __})r-1 Bert) 
(13.1.1) Σ fem) J fle) dx +O+4f(n)+ >, | Naar at ina 


expresses the finite sum on the left in terms of the integral and the 
derivatives of f(x). The exact theory of the formula belongs more to 
that of asymptotic than of summable series, but it is so important in 
many branches of analysis that we must discuss it seriously here. 

We begin by considering one or two particularly simple cases. It is 
plain that the formula will be most useful when f(x) behaves regularly 
for large x and the order of the ζύμῃ derivative f(z), considered as a 
function of z, decreases as & increases. 

We suppose first that 0 <a < l, that f’(z) is continuous for x 2 4a, 
that f > 0, f’ < 0, and that f—> 0 when x > οὐ. Then 

H x 
[170] αἱ = — [70 ἀι -- Κ1)-) -» 10) 
i i 
when 2 - οὐ, sothat ὦ 
ff @| dt = fA) <0. 
1 
Ify = «—[z], so that y = x—m+1 form—l<a<m, thenO0<y<l 
and - 
7 = [χ[ de 
1 
is absolutely convergent. Also 


jn = Sim) — ἢ fle)de = f {flm)—f(a)} dx 


m—1 m—1 
= | romp hae = J ude, 
m—1 m—1 


n 


S fom) — f fle) dz = Σ in = J (@—Le)s'@ ae. 
m=2 “4 m=2 ‘ 
It follows that, if 
(13.1.2) F(a) = | f(t) dt, 
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then 
(13.1.3) 2m) > (--)- 0 


when ἢ ->oo. If our conditions are satisfied for every a > 0, and f(z) 
is integrable down to 0,7 we may take a = 0 in (13.1.2) and (13.1.3). 
Secondly, suppose that f”’(z) is continuous for x > a; that f’ > 0, 
7" <0; and that f’ > 0 when x~>oo. Then 
“ μη 
fifola=—-[fod=faf@-f 
i i 
and |f”| is integrable up tooo. Thus | 


J’ = 4{ (y*—y)f"(a) de 
1 
is absolutely convergent. If 


jm = Hf(m—1)+flm}— [ fle) dex 
m—1 


=f(m)— [ {f@)+4f'(a)} de = jn—4 [Ὁ de, 
then ove ὧν 


™ 
in= | O-DS@) dz 
m—1 
1 Γ΄, .d(y2—y) lf 
ae “ay 5. - 5, de = = 2__y) f" 
-ς [ ro“ ea--5 [ vvroe 
m—1 m—-1 
since y?—y—0O when +> m—1+0 or x->m—0. Hence, summing 
from m = 2 tom = n, 


AFU)+L2)+--+fm—+4f(n)— | fle) dx = -- [ (¢*—y)f"(@) de. 
It follows that : ἢ 
(18.1.4) fom)—F(n)—4f(n) > {7)--Τα)- ὦ". 


We may regard (13.1.3) and (13.1.4) as the two simplest cases of (13.1.1), with 
C=f)—FU)+J, C= 556)--Ζ)-- 
respectively. If, for example, f(x) = logz and a = 1, then our second set of condi- 
tions is satisfied, and we find that 


ο 


Lfy’—y 
logn!—(n+4)logn+n—>A = 1+5 πε dz, 
1 


t In which case αὖ -+ 0 when x -Ὁ 0 and 2f’ is also integrable down to 0. 
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or that n! ~ eAn™+te—-", This is (apart from the calculation of A, which is actually 
4 log 277), the simplest form of Stirling’s theorem, and it is natural to expect that 
a fuller investigation of the formula (13.1.1) will lead to a complete asymptotic 
expansion of logn!. 


13.2. The Bernoullian numbers and functions. We shall investi- 
gate the formula in this chapter by two different methods, by real 
analysis in §§ 13.5—7, and by the use of Cauchy’s theorem in §§ 13.14-16: 
the second method will naturally demand much more stringent condi- 
tions on f(x). Our first method depends upon the properties of the 
Bernoullian functions B,(2). | 

We define the Bernoullian numbers B,,, and the functions B,,(x) and 
$n(x), by 


(13.2.1) ἘΠΕ = 1-H+ BS BT +. 

ey ee ae > (1B, 
(13.2.2) ἐς =14 > B(x), 
(13.2.3) ‘co - > bate) 5. 


Here, and to the end of the chapter, sums without limits run from 1 tooo. 
The left-hand side of (13.2.3) is 0 for x = 0 and ¢ for x = 1, so that 


(13.2.4) φ,.(0) = 0; (13.2.5) 4,(1)=1, 4,(1) =0 (n> 1). 
The series are convergent for |t| < 27. The first B, are 
B,=% B.=3% Bs τῷ ᾧ, ΒΒ, τ 3, Bs = ἐς, 
It is plain that 
B(x) = $,(%)—3 = 2-- B,(x) = φ,(.)- Ἐξ, 
B,(x) = $3(2), B,(x) = $,(x)—B,, ... 
and generally 
(13.2.6)  Bz,(x) = $o,(2)+(—1)""*B,, Bop aa(t) = Φ5,.(5) (Γ > 9). 
In particular 
(13.2.7) 
B,,(0) = 8, (1) = (---17γ 5, Bop 44(0) = Bo (1) = 0 (r > 0). 
It is familiar that | 
(13.2.8) | B 


bole 
Ne 


(2n)! 1 


n — j2n-1,,2n m2n 


(so that B, increases rapidly for large 7). 
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The first φ, (5) are x, 22x, 23—$2*+ he,.... Writing (13.2.3) as 
ΤΑΙ xi” 
> $n(2) = = (1-#+ 3,5; ) >a 
and equating coefficients, we find that 
(13.2.9) 9,(x) = on 4nat14. (5 18, gt [ | Byam. 


the last term being one in ἃ or 2”. 


ΕἾΝ. -ἃ] ext__] 


The identity i gael me tet 
shows that 
(13.2.10) d,(a-+1)—¢,(x) = nar-t, 


and from this and (13.2.4) it follows that 
(18.2.11) 1%-1+-2"-1+-...4+N"-1 = n-19,(N+1) (n> 1). 
Differentiating aise with respect to x, we find 
Z ext 
and hence, equating coefiicients, 
(13.2.12) By(z)= 1, B(x) = nB,_1(2) (n> 1). 


The corresponding equations for the ¢,(2) are 
φι() = 1, φᾳ(α) = 2fGy(e)—$}, φε(α) = ϑίφ,(α)- By, 


and generally 
(13.2.13) 
pam(X) ἘΞ 2Mpom-1(2); gam+i(t) = = (2m+ Nant) —1)"-1B,,} ? 


the first for m = 2, 3,..., the second for m = 1, 2,.... 


13.3. The associated periodic functions. We now define B,(z) 
and y,,,(x) as the functions equal to B,(z) and ¢,(x) for 0 < x < 1 and 
with period 1. It follows from (13.2.4)—-(13.2.6) that B,(”) and #%,,(2) 
are continuous for all x ifn > 1, while B,(x) and (7) have a jump —1 
for every integral x. 

We know that 


> sin 2max __ — (4) ΒΕῚ 


m 
4780 Y 


ae 
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for 0 <a «1, and that the series is boundedly convergent. If we 
integrate term by term, we obtain 


I 1—cos 2 
SD) gr = = — (0), 
andso Ay SEI ar ah) = Hale) +B 
Hence 

1 2 
(13.3.1) στε, a = Hale) + By} = 58,6) 
for all x. Generally 
(13.3.2) 

1 2 —_.])*-1 _])*-1 

Q2k-1,,2k Σ a = ( ἘΣ {ψ.κ(5)- (--- 1) 518} τΞ Sar Bula) 
and. 
(13.3.3) 


1 sin 2mara 1)k- —])*-1 

a>. mek ‘So Yous (%) = Sep iyi B® 

for k = 1, 2,... and all x. For (13.2.7) shows that they are true for 
x = 0; (13.3.2) is the formal derivative of (13.3.3); and (13.3.3), with 
k—1 for k and the sign changed, is the formal derivative of (13.3.2). 
Finally, (13.3.3) becomes true for & = 0 and non-integral x if we 
substitute ψ (4) = ψ,(5)--- for ψ,(α). 


13.4. The signs of the functions ¢,,(x). It follows from (13.2.4) and 
(13.2.5) that all the ¢, after 4, vanish for x = 0 and x = 1. We now 
prove 

THEOREM 243. The functions do, $4, φς:... have fixed signs in (0,1), that — 
Of po, being (—1)*, while dz, φς.... vanish also for x = 4, and doy, has 
the signs (—1)*-1 and (—1)* in (0,4) and in (4,1) respectively. 

First, 


(—t)" t t 
es (4) a ee 
> φᾷ — > bald) 2 ml = 1 ee t, 
so that φ.(4) = 4,(4) =... == 0. Thus ¢,,,,(v) has the three zeros 
0, 4, 1. 

Next, our assertion is true of 

φ4(2) = x(x—1), φ,4(5) = χία--)(---Ἱ). 

We assume that it is true up to ¢,,,-;, and prove that it is true of ¢,,, 
and ᾧ.,...1- Since ¢4,, = 2mden-, Vanishes at 0, 4, and 1 only, ¢,,, is 
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of fixed sign in (0, 1); and (13.2.9), for small z, shows that the sign is 
(—1)™. Also ¢,,, is monotone in (0, ξ) and in (4, 1), and so 


Pamsu(t) = (2m+1){pom(%)+(—1)"* Bra} 
can vanish at most once in each of these intervals. Thus ¢,,,,;, which 
vanishes at 0, 4, and 1, is of fixed sign in (0, 4) and in ($, 1), its sign in 
the first of these intervals being (—1)”~1, by (13.2.9), and ὦ in the second 
(—1)", since ¢omii(3) τέ 0. 
We shall also use the properties 
(13.4.1) Bom-1(#) ΤΣ -- Bom—1(1—2), B,,,(2) = Bom(1—2) 
(0<a2<1; m= 1,2....). 
These equations follow from the trigonometrical developments of § 13.3, 
or from the fact that 


ett ei ροβῇῃ(-- ἐ)ΐ ΞΕ ΜΝ εβἰμμ(υ--ἐν 
εἰ---Ἰ 5} 2 ” εἰ---Ἰ sinh $¢ 
are even and odd functions of ¢ respectively. 


13.5. The Euler-Maclaurin sum formula. In what follows we 
assume the continuity of all derivatives of f(z) which occur for x > 0: 
f(x) will usually have a singularity at x= 0. We define F(x) as in 
(13.1.2): a will usually be taken to be 0 when f(z) is integrable down 
to 0. 

We suppose in the first instance that 0 < x < 1, and that f(z) and 
its derivatives are continuous in this closed interval; and we consider 
the integral | 


1 
(13.5.1) p= pyle) = --ἰ J B,(a—t) f(t) dt, 


where r > 1. We must distinguish as cases r > landr= 1. 
If r > 1 then B,(u) is continuous, and 


dB,(x—t) 
dt 
by (13.2.12). Also Β,(α--1) = B,(x) = B,(z). Hence 
(13.5.2) 


pe = — AED, pena) —fo-0(0)} — Ὁ 


-Ξ --7Ὲ,..(5.- t), 


eo j B,_(e—t) f(t) dt 


= — FP) p01) fe-O}+p,- (1). 
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If r = 1, we suppose first that 0<2< 1. In this case B,(u) has 
jumps —1 for integral τι, and differential coefficient 1 elsewhere, so that 


dB, (~—t) 


B,(—0)—B,(+0) = 1, Ἢ 


=]. 
Hence 

f(x)— j fit) dt = {B,(—0)—B,(+0)} f(«) + [Ξ TPE a αἱ. 
Also 


js PAE—) τὴ dt = B(-+0f(2)—By(e)f0)— [ B,(e—t)f"(t) dt, 


a ΕΞ ἢ [Κὴ dt = By(x—1)f(1)—B,(—0) f(x) — | B,(x—t) f(t) dt, 


and B,(x—1) = B,(x) = B,(x). Hence, combining the last three equa- 
tions, we obtain 


1 1 
(13.5.3) flw)— | f(t) dt = By(x){f(1)—f(0)}— f Bye—t) f(t) αἱ 
0 0 


= B,(x){ f(1)—f(0)}+ pr. 
We have proved this for 0 <a <1, and it holds, by continuity, for 
0O<27< 1. 


Supposing now that / > 1, and combining (13.5.3) with (13.5.2) for 
r = 2, 3,..., l, we obtain 


J 
(13.5.4) f(x) = J f(t) de > AE pom) fo-M(0)}+ py 
r=1 


for 0 <2 <1. The equation reduces to (13.5.3) for 1 = 1, so that it is 
true for 1 = 1. 


We now replace f(z) by f(z+m—1), where m is a positive integer, 
and obtain 


fle-+m—1) = j git) dt + > BL p-vem)— foo —1)} + ps 


m— r=1 


where Ain = —7 | Byx—t) f(t) αἱ. 
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If, in particular, we take x = 1,1 = 2k-+-1, observe that 
B,(1) ΞΞ 3, Bo,_(1) = 0 (s > 1), B,,(1) — (—1)*“*B,, 
Β,..1(1---ἢ ἘΞ --Βοκε() "τ —Yporsr(t), 
by (13.2.7) and (13.4.1), and then replace s by 7, we obtain 


fm) =f f(t) di + H{f(m)—f(m— 1} +8, (m) 8, —1) + opm 
m—1 


or 
(13.5.5) 4{f(m—1)-+f(m)} = | f(t) dt +8,(m)—S,(m—1)+onm 
where —s 
con : 
(13.5.6) S,(m) = (--Ἠ 86 pear D(m), 
(18.5.2) Om = Ey f Porerlt)fO*#M(0) d 


Fae renee τος (2k +2) 
m—1 
by another partial integration, since ,,5(0) = %,,.(1) = 0. If k = 0 
then the terms S,(m) and S,(m—1) disappear from (13.5.5). 
Summing (13.5.5) for m = 2, 3,..., n, and adding 4f(1)+4/f(n), we 
obtain 


(13.5.8) > fom) = F(n)+4f(n)+8,(n)+P,A Uy 


(13.5.9) B= —F(1)+$f0)—48,(1), 
] γ 

(13.5.10) C= -- (2k--2)! | Porso(t) forte) dt. 

If we write : 

| δὶ 9 
(13.5.11) Xersa(t) = > sa 
ao 1 22h tA Bk 42 
= [1 ) (21-[2}} Tar ἀντ Weaken t)+(—1)*B,,3}, 
then 
__])k+1 μὰ __1\k r 

On = an — | Xenre(t) fO*+?(t) dé +- See J (2k+2)(¢) dt 


1 


nr 
- ΚΗ ΒΒ 
_ mae [χα] ΘΚ Ἐδ (ἢ) dt ΕΞ. πὶ Ἢ 


πιο 6)» 
J BES 
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Hence we may also write (13.5.8)-(13.5.10) as 


(13.5.12) > fm) -- F(n)+4f(1)-+Se1s(2) + Qe-+ Ven 


(13.5.13) 0, = —F(1)+4f(1) Sean) 
_. | )\k+ δ᾽ 
(13.8.14) Van = στε πέτα | Xawea(®)f***%0) de 
1 


When f(z) is a polynomial, S,(n) is also one, and U,,,, vanishes for sufficiently 
large k. If, for example, f(x) = x’, we may take k to be 4/ or 4(J—1). In this case it 
is easily verified that (13.5.8) reduces to (13.2.11). 


13.6. Limits as n-—> oo. So far there has been no question of con- 
vergence. We now introduce the hypotheses that 


i? 8) 


(13.6.1) | { | f2#+2)(a)| da <0 
and 
(13.6.2) fP#+0(a2) > 0 


when x-> 00; and write the integrals over (1,5) as differences of 
integrals over (1,00) and (n,00). We then find 


(13.6.3) > fm) — F(n)+4f(n)+5,(n)+C,+ Bey 


(13.6.4) O, = —F)+4Ef(1)—8,(1) —aerag; | vanes) a 
1 


(13.6.5) Ban = ται | Ῥνο FHM at 


There are alternative forms corresponding to (13.5.12)—(13.5.14). 
It is plain, since %o,4(¢) = O(1), that R,, > 0 when n->0o. Hence 
it follows from (13.6.3) that 


(13.6.6) > flm)— F(n)—kf(n)—S,(n) > Cy 


The most interesting case is that in which (13.6.1) and (13.6.2) are 
true for all & from a certain K. Then (13.6.6) is true for k = K and 
k = K+ 1, and 
—1)* By. 

Si 43 (2)—Se(n) = aie ὅκα 


ΚΞ} ΠΣ ())) -»» 0. 
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It follows that Οὐκ... = Cy, so that Οὐ is independent of ὦ for k > Κ. 
This is easily verified directly, since 


l tee) 
Tao | Pansalt)fOrrr(d) dt 
(2k-+-2)! J 


=P Bf) si [ peal FOP a 
1 


2k! 


by two partial integrations. 

Thus Οὐ is, for k > K, independent of (n and) k, and C = C, is 
a number depending only on f(z) and F(x), 1.6. on f(x) and the lower 
limit @ in (13.1.2). We call C the Huler-Maclaurin constant of f (and F). 
We shall also call C the (R,a) sum of the series > f(n), and write 


(13.6.7) FOU)AS(2)+...+f(x)+... = C (R,a). 

We thus obtain another definition of the sum of a divergent series, but 
one of a quite different type from most of those which we have con- 
sidered, and primarily adapted to series of positive terms such as 
1-+1+1-+... or log 2-++ log 3+-log 4-+-.... 

The ® stands for Ramanujan, whose work with divergent series was 
mainly based on this definition. The definition is implicit in much of 
Euler’s work. The sum which it attributes to a series depends on the 
value chosen for a. We shall, however, find that there is usually one value 
of a which it is natural to choose in any special case. 

We shall call (13.5.8), (13.6.3), or one or other of their variants, 
according to the context, ‘the Euler-Maclaurin sum formula’. 


13.7. The sign and magnitude of the remainder term. We now 
strengthen our hypotheses by supposing the derivatives of f(x), from 
a certain point onwards, of constant sign. To fix our ideas, we suppose 
(13.6.1) and (13.6.2) true, and f@*+2)(x) < 0, fork > Καὶ and x > 1.1 If 
now k > K, then, after Theorem 243, R,,,, has the sign (—1)* and R,_,, 
the sign (—1)*-1; so that | R,,| <|Ry1,—Rzn|- But 


] ; ] 
Bin ee ee (2k-+2)! [ δ ὟΝ dt = (2k 1)! [s died Dy ae dt 


1 ig 1 Ε 
= ein | SMe dt = κει [Waa ( 1B, SO” αι 
(all the integrations being from n to οὐ), and so 
= (sls, (2k—1) 
By an— Ban = opt (n), 


} In which case f(2*+1)(x) is non-negative for k > K, and f(™(x) > 0 for n > 2K+1. 
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which is the last term of S,(n). Hence we obtain 


THEOREM 244. If f(x) satisfies (13.6.1) and (13.6.2), and f@*+?)(x) is 
of fixed sign, for k > K, then the error in the formula 


Σ flm) = F(n)+4f (0) +5,(n)-+C 


alternates in sign as k increases from K--1 onwards, and does not exceed 
the last term retained in the series; and the series (13.6.4) for C, = C has 
the same properties. 


The series 


(13.7.1) s(n) = > ay ΓΝ 


and S(1), obtained by making & infinite in S,(n) and S,(1), are usually 
divergent, owing to the rapid increase of B, for large r. They may 
however, often be used effectively for purposes of numerical computa- 
tion. If 

(i) a, is real, 

(ii) s = a,+a,+...+a,+ F, for every r, 

(iii) 10, alternates in sign, 
then we may say that the series > a, alternates round 8; we may 
suppose if we please that condition (111) is satisfied only for r > 1p. 
It is plain that | IR,| < κα] 


(for r > 1lorr>vr,). The definition does not determine a unique 8; 
if, for example, R,,_, << 0 and R,, > 0, and 


ρι = min|£,,|, P2 = min| 5,4]; 
r 


then >a, also alternates round any number of the interval (s—p,, 
8-Ἐρ4).7 

The important case is that in which a,, R,, and 8 are functions of ἃ 
parameter x, and |R,(a)| > 0 


as x — oo (forr > lorr > 70). as, for example, when 


> a,(x) == ¢+¢,x%-1+-cga-?+... 
is a divergent asymptotic series for a function g(x). If > a,(x) alternates 
round g(x), in the sense just explained, then we shall say that > a,(x) 
is a semi-convergent series for g(x). Thus our conditions are satisfied, 
with x = n, by the series (13.7.1), under the conditions of Theorem 244. 


+ Thus all the conditions are satisfied by the series 1—2-++-2—2-+... with s = 0. Here 
R, is alternately —1 and 1, and the series alternates round any number of (—1, 1). 
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If r is given, |R,(a)| > 0 when z > oo. If x is given, |R,(x)| will usually 
tend to infinity when r— oo. It will, however, generally happen that, 
for a given x, |R,(x)| is conveniently small for a suitably chosen r, for 
example, for an r for which |a,(z)| takes its minimum m,; and then the 
series may be used for the computation of g(x). The computation will 
be the more accurate the larger z. | 

In these circumstances we may reasonably say that > 6, = > a,(1) 
is a semi-convergent series for s = g(1). We cannot say that s is the 
‘sum’ of the series, since > c, alternates round any number in an 
interval (s—p,,8-+p,); but 8 will often be the sum of the series in some 


othersense.t Further if > a,(x) is a semi-convergent series for σ(α)--- (4), 
we may say that h(x)-+ Σ a,(x) 
is a semi-convergent series for g(x). 


For example, returning to the series (13.7.1), let us suppose that f(z) = loga 
and a = 0, so that F(x) = xlogx—z. Then our conditions are satisfied for r > 1, 
and we are led to the formulae 


Bil Bl Bs 1 

Lon 3.473 '5.6n8 °°? 
B, B, 

5.67.8 


(13.7.2) logn! = S logm = (n+4)logn—n+C 
1 
(13.7.3) C= Ll s5 Fag 


The series are semi-convergent, and can be used to calculate logn! and C. We 
shall see later that C = }log 2z. 

We cannot calculate C with great accuracy from (13.7.3) because n = 1 is 
too small. The least term is that last written, which is —-00059, and we can 
calculate C = -919..., to 3 places, by stopping there. This value of C, used in 
(13.7.2), would then give a fairly accurate value for logn! for large n. On the 

other hand, we could calculate C, with much greater accuracy, by using (13.7.2) 
ΟΠ with a fairly large n and computing logn! independently. 

In practice the C of a given f would be computed by writing 


Σ 701) = fQ)t+..+f(N)+ Σ F(N+N), 


and applying our formulae to the last series, for which they will be more effective 
the larger N. A judicious choice of N should then make both parts of the calcula- 
tion practicable with considerable accuracy. 

The method may be applied to convergent series whose convergence is in- 
conveniently slow. In this case we must take a = ©, so that F(n) — 0, and C 
is the sum of the series. Thus Euler, taking f(x) = (x+9)-?, calculated 


ena τ Σ ΒΕ τ 
δ pratt tet 7 [π.-9}} 
to 18 places of decimals. 


ft See, for example, §§ 13.15—16. 
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13.8. Poisson’s proof of the Euler-Maclaurin formula. Poisson, 
in his investigation of the formula, starts from the theory of Fourier 
series. 

Suppose that f(x) is indefinitely differentiable for x > 0, and that 
0<a<b<o. Then, by the ordinary theory of Fourier series, 


(13.8.1) f(z) = | 1 d= > | #0) 0087-9) a, 


where the integrations are over (a,b), fora <2<b. For x =a or 
x = 6 the sum is }{f(a)+f(b)}. We take nw = b—a and 


= a, A+w, a+ 2w,..., a+(n—l1)w, 
substitute in (13.8.1), and add the results. We thus obtain 
(18.8.2) ἐπ a eS cag ν 


ἐ Ζ2πγί 


ες [Τῷ atta > Jro> co <a oO) a, 


The sum under the integral sign is 


Qnir(t—a) — Qrirs 
Rex 2, ed ποτ ἢ}; 
and the sum here is 0 unless r = In, where I is a positive integer, and 
then it is n. Hence (13.8.2) is 


(13.8.3) ᾿ 
fla)+fato)+.+4fb) = ἃ | fat ἘΞ 5 | Ῥίγοου C—O) a, 
t=1 


Now ᾿ feos t=) dt = 3 { οἰ ED αι 


ΣΟ ας ye 7-910) + 
r=1 
+(—1 ς a) | f28(¢}¢08 a) 2) a, 


by repeated partial integration. Substituting in (13.8.3), and using 
(13.2.8), we obtain 


(13.8.4) Bfla)+flatu)+.+4/0) 
-ἰ fp a4 δ ry rue 9B, (pen) p90) + 


 r=1 


wk 1 2nl(t—a 
where W, = (—1) Sea ; wag { FmE ) >, x08 a9) i. 
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If, in particular, we take a= 1, ὦ = 1, b=n-+1, then (13.8.4) 
becomes 


FAL QA. AFM+1) = Τα 1)-- Τα) 7 - 1) ἘΣ 1}: 
k 
+> —— 1)—fo-2()} + 


r=1 
(--- 1} cos 2πίέ 
fete F yon > pe αἰ. 
I=1 


This is equivalent to ΠΝ with n-++1 for n and k—1 for k. 


13.9. A formula of Fourier. We can now give an account of 
Fourier’s formula (2.9.2). This was 


(13.9.1) inf(x) = - een 4 


=> ΠΕΡ aT = fon ar) Buu(") 


where f(z) is odd and --π <x<7. If we write 


2 — y, a = 2n(y—4), f(x) = [{2πίῴν--- ξ)} = gly), 


so that 0 < y < 1, it becomes 


(13.9.2) ay) = 2 > Spay Pan 


Now (13.5.4), if we assume that p, > 0, gives 


(13.9.3) g(y) = [τω g(t) αἱ -1- > = SAY) gor-0(1) —g-(0)}. 


0 


Also f(z) is odd, so that g(1—y) = —g(y); and hence 

‘ , 

Ϊ g(t) dt = 0, — g@-D(1)—g@h-0(0) = 06, g@(1)—g®(0) = 2g@(1), 
0 


and (13.9.3) reduces to (13.9.2). 

Suppose, for example, that f(z) is an integral function of exponential 
type less than 1, so that g(y) is of type less than 27. Then g®(y) = O(c’), 
where 0 <c < 2x, uniformly in (0,1), and B,y) is Of{(27)—1!}, also 
uniformly, by (13.3.2) and (13.3.3). Thus p,;—> 0, and Fourier’s formula 
is valid. 
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13.10. The case f(z) = x~* and the Riemann zeta-function. We 
now consider the case in which f(z) = χ᾽ τὸ and a = 1, so that 


(13.10.1) ᾿ 
F(x) = F(x,s) = | ἐ5 αἱ = 


and F(z, s) is an integral function of 8. 
We suppose first that s is real and s > S, where S < 0. Then (13.6.1) 


ἜΣΕΙ (8 ~ 1), logz (s=1), 


and (13.6.2) are true for 2k > —S—1l. Hence, writing s® for 
s(s+1)...(s+p), we obtain 
(13.10.2) 
Σ msn Ly—8 > (—1)r-g@r—2)_ Sr ane -> O(s), 
(13.10.3) 
B, gtk+) 


Cs) = “+ > (— ees ἃ ἜΠΙΕΝ f bate {-8—2k—2 qt 


Te ee ae ee . Also 


g(2k +1) r 

Rin ᾿Ξ (21.- 2)! | Wonsa(t)t-8—-2*-2 dt Ἐπ 3 παν 
Thus i 
(13.10.4) 


n 


ni-s—_.] 
—8 pe —8 1 )?—-3 (27-2) ~s—3r+1 
>” —— ~ O(s)-+4n-— δ᾽ (—1yr48 ὩΣ sm 
in the notation of §2.5 (with n-1 for x). 
We have supposed s 4 1, but our formulae are still valid, with 
F(n) = logn, for s = 1. In particular 
1+$-+... += —logn - C(1), 


so that C(1) is Euler’s constant y. We thus obtain the formulae 


1,< Bf dt 
(13.10.5) a ae > (ay | Youll) seas 
1 1 
and 
B, B,, Bs 
(13.10.6) y= oo oor Wak’ ee 


the last series being semi-convergent in the sense of § 13.7. 
We now consider complex s. There is then no question of semi- 
convergence. But ifs = στ ἐτ then R,, = O(n-°-*-1), uniformly in τ, 
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and our other conclusions stand, with o for s in the appropriate places. 
Also (13.10.2) holds uniformly in any closed and bounded region D 
throughout which o > S, so that C(s) is an analytic function of s regular 
in D and therefore, since S may be any negative number, C(s) is an 
integral function. Finally, when o > 1, 


(moo, n-s—l oe τ ὦ 1 
O(s) = Tim [δ πὶ a er )=>™ a er 


We have thus proved 


THEOREM 245. Riemann’s function ζ(8) is an analytic function of 8, 
regular all over the plane except for a simple pole at s = 1, where it behaves 


: 1 
like 2-- +y-+... . 


We have also obtained a series of analytical representations of {(s), 
such as 


(13.10.7) {(s) = lim lim (m-+_2 
1 


1—s 


—— In| (σ > —1), 


n 


(13.10.8) £(s) = tim {> me — yo ΣΝ (σ > —3), 


Ώ-- 


(13.10.9) [() = —— +5 — ser) "dll a (o > —1), 
1 


and so on. The formulae require modification when s = 1: thus in 
(13.10.9) we must replace Ls) by y. 
8- 


When 8 = 0 and 8 = —1, (18.10.7) and (18.10.8) give 
Σ 1-η-- -» ζ(0), Σ πι---ξη"--ξη--ἰ —> ζ(--Ἰ), 
and show incidentally that 
(13.10.10) ¢(0)= —3, &(—1) = -- 
(13.10.11) 1+1+14+...=—4,  14243+4...= —% (8,0). 
13.11. The case f(x) = log(z-++c) and Stirling’s theorem. We can 
treat the function f(x) = 2-*logz similarly, and it is plain that the 


results may be obtained from the corresponding results for x-* by formal 
differentiation with respect to s. Thus, for example, 


-8 1--8 
n'- log n aa dn*logn > -- 0) 


13.1.1)  ¥ m~logm—™_ 108” 
( ) a log m τα ΠΩΣ 
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foro > —1. If we take s = 0 in (13.11.1) we obtain a formula for 
log n! which embodies a form of Stirling’s theorem; but this case is so 
important that it is better to treat it independently. 
In order to obtain a general formula for log I'(~-+-1), not restricted 
to integral values of z, we take 
f(x) = log(z+c) (ὁ Ὁ» --1)ὔ a=—e, 
and then write x for n-+c. We thus obtain 


(13.11.2) logT(x+1) = > log(m-+c)-+ log P(1+c) 
= (e+ Plog 2—0+0+8,(n)+Run, 


where 

(13.11.38) C = logI(1+c)— pein 1+c—8,(1)— κα» 
τιν (—1) 4B, a, 

(13.11.4) S,(n) = > ee ΡΤ 
Pousa(t) ΞΕ 

(13.11.8) Rin = 5655 f 4:1 cen = O-**-1): 

In particular, taking k = 0, 

(13.11.6) log I'(a+1)—(x+4)loga+2 > C, 


(13.11.7) C = log T(1+ce)— d-toleer-tort tet | pth at 
Here C is prima facie a function C(c) of c. It is in fact independent of ¢, 
but to prove this naturally demands a little more knowledge of the 
properties of I(x) than we have assumed so far in this chapter. It follows, 
for example, from Gauss’s formula 


P(1+e) = lim sees Os a 
"0 (1-+6)(2--¢)...(n-Fe) 
that log ['(n-+1-+c¢)—log P(n-+1)—clogn - 0 


and so, after (13.11.6), 
O(c)—O(0) = lim{elog n—(n-+-c+ })log (n-+e)-+ (n+ Flog n-+-¢} = 0. 
Thus C is independent of ὁ and is defined by (13.11.7) for any c. 
There are many ways of evaluating C in finite terms. The most 
common is by means of ‘Wallis’s product’ for a (a corollary of the 
product form of βίῃ πα). A more natural method here is to use the 
theory of {(s), since it follows from (13.11.1) that 


(13.11.8) C= --ζ (0). 
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If we put 8 = 1+e in Riemann’s functional equation (2.2.2), expand 
both sides in powers of e, and equate the first coefficients, we find that 
ζ(0) = —i, in agreement with (13.10.10), and ¢’(0) = —4log2z; so 
that 
(13.11.9) C = flog 2z, 
and we obtain the ordinary form of Stirling’s theorem. 

We can also calculate C from (13.11.7). If, for example, we take 
c = 0, it gives 


(13.11.10) @=1+4= ΠΣ ΣΙ [ΞΊΞΙΞΟΣ 


=14> {1—(n-+-H)log™="} 


ἑ 
mit _9 ἐξ dt 


0 
and, substituting and summing under the integral sign, we obtain 
+ 
. 2¢ 
oe 1~ | [ a) = lop Qe. 
0 
In conclusion we note the formulae 
(13.11.11) log 1+log 2+... = slog 2π (R, 0), 
Ds aa 8 B 
18.11.1 = —$. 3 4... 
( 2) Saale τς 4 56 ΠΝ 


the last series being semi-convergent. 


13.12. Generalization of the formulae. There is a generalization 
of the Euler-Maclaurin formula important in the calculus of finite 
differences. Its formal genesis is as follows. If we write 

Df(a) =f"), eM f(x) = fla) +hf'(x)+gh*f"(x) +... =f(z+h), 
and interpret D-4f(x) as F(x), then 

flaty)t+faet+y+l)t+...+fe+y+n—2) 
— feyD + ἐν DD εἴν +n—2)D} f(x) 


eyvtn—-1)D__eyD ον 
= te) = etn 1)—fa)} 


= {5+ 0-943 D+...| @-+n—1)—fe)} 
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and we may write this as ®(n)—®(1), where 
B 
O(n) = Fle-+-n—1)-+(y— fle tn—1) 42 jf etn) +. 
In particular, if we take x = 1, we obtain 


(13.12.1.  f(y+1)+f(yt2)+...+f(ytn—1) 
= F(n)+Cly)+ (y—4)f( nm) 42 =) f (n)+... 


where 
(13.12.2) Cy) = “ror_any Bro 


When y = 0, these formulae agree with those of §§ 13.5-6. 
If, for example, f(x) = logx and a = 0, we obtain 


(13.12.3) 
log ['(n+y) = nlogn—n-+ (y—4)log n+ C + =e) oS Sle) oe 
where | 
(13.12.4) OC = log T(1+y) τῶ εὐ) Sule) _ ae 
and comparison of (13.12.3) with Stirling’s theorem shows that 
C = slog 2π, 


independently of y. If we take y = 0, or differentiate with respect to 
y and then take y = 0, we obtain (13.11.12) and (13.10.6). 

All this analysis is formal. We may discuss the formulae by the 
methods of §§13.5-7, or by the complex method developed in ὃ 13.14. 
It will be observed that we are led to an asymptotic expansion of 
log P'(n-+-y) in powers of n-}, while the argument of § 13.11 leads to one 
in powers of (n—1-+-y)-?. 


13.13. Other formulae for C. There are other formulae for C which 
are interesting in themselves and will lead us naturally to the analysis 
of § 13.14. 

We observe first that, for ¢ > 0, 


ve) ro 8) 1 
| (wee dit = 2 { fb, (w)—#}e dt = 2 > {«- 4 )eHutn) du, 
1 1 1 0 


since 4, = 2,—1 and ψι is w—n in (n,n+1). A simple calculation 
then gives 


a 1 1 " 
ἘΠ -ἰιῦ — See 
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Suppose now that 
(13.13.2) f(a) = | et dy(t) 


0 
is absolutely convergent for x > 0. Then 


(13.13.3) { ipp(w) f"(w) dw = | fo(w) dw { e~™ d y(t) 
1 1 0 


= | PJ(t) dy(t) = —2 (e5-7+ 5) ax (t), 
0 0 
by (18.18.1). Also (13.6.1) and (13.6.2) hold for & > 0, so that we may 
use (13.6.4) with k = 0. We thus obtain 


1 


(13.13.4) C= -τω τέκῃ | (55 - +5) 4x0 


For example, we may take 


yard, fear, o>, a=1, σαίω- Ay 


(as in §13.10), when we obtain 


la ἀ ὉΠ τὺ τῆνος 
(ὦ = a t5 tay | lait)! Ὄ 
0 


(a formula actually valid for o > —1). When 8 = 1, this gives 


(13.13.5) yait fetes ΤΈΣ) αι -- + feel at 


The argument Ἰϑδάϊηρ to (18.18.4) is valid τ σράνει 
f'(e) = -- [τε-οἰαχ(ὴ 
0 


is absolutely convergent for x > 1, even 1 (18.18.2) does not hold. Thus 
the assumption dy = t—1e-“dt, wherec > —1, gives Κ΄ (5) = (a-+-c)~? and 


ψρ(ω) ἢ vl 1 1, 1\dt 
[98 δι = ~2 femal περ 
0 


Combining this with (13.11.7) and (13.11.9), we find 
blog 2a = log I'(1+-c)—(}+e)log(1-tc)-+1-+e— 


᾿ 1 1\ dt 
— f evo ee + 5 ᾿ 


0 


4780 
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In particular, for c = 0, 


{1 1, ae 
19.18.6 1] = ]— ἘΠῚ ἀξ τνς —|—. 
z 108 ἐπ Je Ca ἘΠΕ 
0 
Also, differentiating with respect to c, and replacing c by c—1, we obtain 
r(l+e) ἢ 1 1 
13.13.7 ieeeee oe ee il 
sic Berg = | zai) 


for c > 0 (or complex ὁ with Re > 0). 

There is another set of formulae, of a different type, due to Abel and 
Plana. Returning to (13.13.2) we observe that f(z) is an analytic 
function of z regular for x = Rz > 0, and that 


1 : : ; 
(15.18.8) σίξ, η) = = {fE-+0m)—flE—im)} = — [ 6- ξΐ βίη nt dx(t) 
for € > Ο.7 Also, using a familiar formula, 
4(ξ, ) a — _ [ o-# sin 0 τς ee ol dl 
[eta = [- OX | ἔπτη: 1 = -- | ara gg) ἶΧ' 


Taking € = 1 and using er we find 


(13.13.9) C= —F(1)+4f(1)— 7-ὸ) ᾿Ξ ΑΙ) ἢ 


e277 — } 


In particular we have 


(13.13.10) C(s) = +5 —{ (1--¢)8—(1—1m)* dyn, 


E27] 
first for o > 0 and then, by analytic continuation, for all s; 
_ ay 
13.13.11 = 2 
( ) y= at [τὸ 172 =]? 
arctan 7 
(13.13.12) Hopi Si | rete dy, 


The last formula corresponds to the case f(x) = logx, when f(x) is not 
actually defined by (13.13.2). 

In the next section we shall give a proof of (13.13.9) which does not 
depend on any special integral representation of f(x). It is plain that 
the truth of the formula must depend upon assumptions about the 
behaviour of f(x) in the complex plane; and this leads us, in the next 
section, to investigate the Euler-Maclaurin formula from a quite 


+ We return here to the convention that integrals without limits are over (0, ©). 
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different point of view. It will, however, be useful to make one pre- 
liminary remark of a formal character. If we write 


(2r— D( (1) 
— aces — γ- .1. 0) 2r—1 
jf0+in)—f0—in} = 2 > (I 
insert this expansion in (13.13.9), integrate formally term by term, and 
observe that 


n?r-1 _ B, 
(13.13.13) { ay =z, 


then we are led back to the series 
ae een se (--.1} δ, (2r-1)(] 
0 = —FO)+H)— > aq FO) 
thus connecting (13.13.9) with our earlier analysis. 


13.14. Investigation of the Euler-Maclaurin formula by com- 
plex integration. We suppose now that f(z) is an analytic function of 
z= x-+1y, regular for x > €, where € < 1, and that 
(18.14.1) e~2niul| [(“-Ἐὐ}}} > 0, 
when |y|->00, uniformly in any finite interval (¢,X) of 2. We denote 
the rectangle defined by x = 1, x = n, and y = +Y, with semicircular 
indentations of radius p round 1 and n, by C(p); the indentations them- 
selves by I(p); and define C as the limit of C(p)—I(p) when p > 0, and 
C, and C, as the parts of C above and below the real axis. 

By Cauchy’s theorem 


a =| a cot nzf(z) dz = Sf (m) 
ὃ 


here the integrals along the vertical sides of C are principal values, and 
the dash implies that the extreme terms of the sum are affected by a 
factor 4. Also 


| wife) dz = ---πὶ [τω ἄχ, | {-7if@)} de = --πὶ [τω dx 
i Cs i 


Ci 
and so 


(18.14.2) Σ f(m) = [reoaerisorrisn+eg iJ Wefle) dz, 
where 


ἊΝ Ξ 22 . οὲ 
(2) — cot 7z-+-12 = Ἰ. 6--ἃπίδ’ ub(z) = cot7z—1 = 5 


2rriz ] 
on Οἱ and Οἱ respectively. 
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It follows from (13.14.1) that the integrals along the horizontal sides 
of C tend to 0 when Y > ©; so that (13.14.2) reduces to 


(13.14.3) > ΟΞ [τω )da —$f(n)—$f01) = Q(n)—Q(1), 
c+i0 
where Q(c) - | ub(z) f(z) dz, 
c—t0 
and both Q(n) and Q(1) are principal values, at z=n and z= 1 
respectively. Also 
2} 24 
ψ(1 - τ) = Toe (y > 9), can] (y < 0), 
and %(n-+-7y) has the same values. Hence, inserting these values in 
Q(n) and Q(1), and associating together the contributions of positive 
and negative y, we obtain 


(13.14.4) Q(1) = 2 [2535 dy, Qn) = 2 | ee 40, ν) ἂν, 


27y οὗπν. . 


where q(x, y) is defined by (18.18.8). The integrals now converge in the 
ordinary sense, since g(x,y) is O(|y|) for small y. If f is real for real z, 
then g(x,y) is the imaginary part of f. 

We now expand q(n,y) by Taylor’s theorem, in the form 


(13.14.5) 
a(n, y) = uf’ (n) Ef" n) + (—D4 ee aif “() +- don salts 9), 


substitute in the ἢ for Q(n), and use τ ᾿ 13). We thus obtain 


(18.14.6) Σ f(m)— i fle) dx —4f(n)— > (<1 frm) 


2ry _ 


= 4f(1)— 2( 2 MOD. dy + Ryo), 


where R,(n) = 2 | {8 Ἐν, dy. 


The last series on the left of (13.14.6) is the S,(n) of §13.5. If we can 
show that R,(n) > 0 when n --Ὁ οὐ, then we shall obtain 


Σ som | fey de— afl) Sym) > ἘΠῚ) A} f+ πατῶ) 
1 


in agreement with (13.13.9), since F(1) is 0 when a = 1. This is the 
Abel-Plana formula. 
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In order to prove that #,(n) - 0, we must naturally impose much 
severer restrictions on f(z). We suppose that 
(13.14.7) f(z) = O({2|**) 
for a fixed c and each 7, when z > οὦ in the half-plane x > €. We shall 
also suppose that 2k+1 > c. Then, using (13.14.5) and the formula 


ket τρ᾿ 
ea 


gy) = 9(0)+99"(0)+...+ aaa (0 + pr { (1—w)**g@k+D(yu) du, 


with q(n, y) for g(y), we find that 
(—1)ky2k+1 
45 ετ(7ν, Ψ) = ΠΡΌΣ | (1—u)**{ fOR+D(n-+-ryu) +f C*+D(n—tyu)} du. 


It follows from (18.14.7), since |n-+-iy| > and 2k+1 >, that 
on+i(n, y) = O(|y|**+Ine-24-) 


uniformly in y, and so that 


yer st 
R,(n) = O(ne-2k-1) | dy = O(ne-®k-1) -> 0, 


e27y__ ] 


when ἢ -> 00; and this completes the proof. 

The conditions are satisfied, for example, if f(z) = x-* or f(x) = log z, 
and we thus recover many of the results of §§13.10-13. We naturally 
cannot expect to find in this way such precise results as those of § 13.7. 


13.15. Summability of the Euler-Maclaurin series. We shall 


call 

(13.15.1) - + SF (40-22 f"(n) 404... = > 4, 

where Ὶ 

(18.15.2) 

ἀρ Ξε 701), Gay = ἽΞ (OTe per Mn) (r 21), a, =0 (r 251), 


the “Euler-Maclaurin series’ of of fin). We have seen that it is in certain © 
circumstances an asymptotic series for 


(13.16.8) — B(n) = fl) +f2)+...4(n)— | fle)dx—C 


and the question remains whether it is summable by any of the methods 
of earlier chapters. The series usually diverges rapidly, so that a rather 
drastic method of summation will be needed. We shall show that in 
certain cases, including those which we have considered particularly in 
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the preceding sections, the series is summable by the method (B*) of 
§ 8.11. 
We suppose first that 0 <6 <1,s > 0, and 


(13.15.4) f(z) = O(\z|-*) 
uniformly in the half-strip ὦ > δ. Then 


fr-din )= (2r— 1)! f (u) du, 


2πὶ (u—n)*" 
δ 


where C is the line (8-++-200, 5—1200); and hence 


(13.15.5) a) = δ᾽ ae -- fla) +8 if (n) — θέρη). 


[ht 
C 
= 3, βρὲ am gh [tole αν 


where w = t/(n—u). The integration term by term is justified for small 
t, since [0] < ἐν 


ΒΞ} +22 2] w+. = pgj—bootale 


is bounded for |w| < 7, and 


F(u) ldu| < oo. 
u 


[5 


Thus the final formula (13.15.5) is true for small é. 
Let us assume provisionally that the function a(t) defined by the 


series is equal to ] ss 
Ὁ 


ev — 


= ἢ du 
for all positive ¢. Then 


| e—a(t) dt = { ae J Foy --} al dt 
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provided that we may invert the integrations, as we also assume 
provisionally. The inner integral here is 


— —__— Se ------ per?, 


τ ] 
where QS 
t n—uU ~~ n—d—ty 


say, and [φ] < 47. Applying Cauchy’s theorem to the sector bounded 
by the real axis of ¢ and the radius argt = —¢, we obtain 


_ reid pe? _@ ip ~id "ΙΝ —Riw 11 
ες τὺ 


capes 1 1 I’(1+n—u) 
= J ome aej— a) 2 = ea) — ay” 


by (13.18.7), the logarithm having the value which is real when u = ὃ. 


Thus 
| 7 1 I’(1+n—2u) 
(13.15.6) | e—a(t) dt = om J toafoe—)— Tama du 


It follows (apart from the justification of our provisional assump- 
tions) that G(n) is summable (B*) to this sum, and that S(n)— G(1) 
is summable (B*) to sum 


n—u Wl+n—u), Γ΄(2-- Ὁ} 
ini | 1 i Sia Titn—u) ' TQ— a 


1 n—U 1 1 1 1 
= 35 | seo0e ΤΣ du ὦ [sm Stet +a) du 
ὃ 


τ dau, 


= fQ)4$8)+ AL) +56, i flu)log τΞ 
Finally, 


_ ini | fulloge— du = = in | flu)flog(n—u)—log(1—w)} da, 


where C’ is a lacet formed by the line (8,7) taken twice in opposite 
directions, the singularities at w= 1 and u = n being avoided in the 
usual way by semicircles whose radius is made to tend to zero. The 
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value of 13{log(n—u)—log(1—u)} is 0 on (δ, 1), --πὸ on (1,9), πὸ on 
(n, 1), and 0 on (1,8), and so 


sag | Swlos = du = — | fu) du, 
σ 1 


(18.16.7) Θ(υ)-- Θ(]) = f(2)+f(8)+...f(m)— [ flu) du 


(13.16.8). S(n) = f(1)+f2)+..+/0)— f flu) du —C = O(n), 


the series being summable (B*), and C = f(1)— (1) being the Euler- 
Maclaurin constant of f(x) for a = 1.7 

It remains to justify our provisional assumptions. For this it is 
sufficient to prove ae that, if 0 < ᾧ < t, the integral 


f=1)= ml Plea : — 7) du [ - | 


n—u\ev—l m—U 
δ 


converges uniformly in some region including the stretch (é),t,) of the 
real axis in the plane of t; and (δ) that the double integral 


K =| |fq)||du| | 2)” —1] ae = ΠΣ 
| | t 1 J |n—u| | 


is convergent. It is plain, first, that the conditions will be satisfied if 
] 1 1 1 


οἷῦ. ] 


ev—_] w 


] | a 


(13.15.9) 


< H(1+42), 


3 


ev—_-]  w 


respectively, for all relevant values of t and τ. For then J and K are 
majorized by multiples of 


(13.15.10) Jie ΠΟ law dul, ica ΟΕ ΝΜΒΟΥΤΕΣ ΠΩΣ reer iaa 


respectively. It is also plainly sufficient to consider the upper half of C. 
(a) Suppose that t = γεῖθ, where 


0<N STK, |Ql<o 


The first condition (13.15.9) is certainly satisfied if one or other of the 
conditions 


(13.15.11) lw] <A < 2z, p=Rw>S>é>o 


t The formulae agree with (13.6.3)—(13.6.5) for a = 1, k = oo, since then F(1) = 0 
‘and $f(n)+S,(n) becomes G(n). 
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is satisfied for some A and é and all ¢ and wu in question. If ὦ = 6+vy, 
where y = (n—58)tand > 0, then 0 < ¢ < ἐπ and 


2 t rei _ reosd ΠῚ 
~ n—d—iy  (n—d)\(1—itan¢d) π--ὃδ 
ee = = TES? cos (0-+4). 
7}, -- 


If 6 > ξπ---2α, cosd < sin 2a, and 


jwl< 


10 <¢ < 4n—2a, cos(0-+¢) > sina, 6085 ᾧ > sin 2a, and 


pS τς ὅπ asin 2α = €. 
If we choose « so that A < 27, then one or other of (13.15.11) is satisfied 
for all relevant ¢ and τ. 

(Ὁ) In this case ¢ is real and positive, and the second condition 
(13.15.9) is satisfied if one or other of 


(13.15.12) lw] <A<27, ϑίω 2 ἐξ (> 0) 
is true for the relevant ¢ and wu. 
Now either (1) ὁ < A|n—wu|, where 0 < A < 27, in which case |w| < A 
or (ii) ¢ > A|n—w|, in which case 
= t __ Un—8) λβξί(η--ὃ € 
mw = (| = a > ΠΎΞῸ τες. 
We have thus proved | 
THEOREM 246. If f(z) 18 regular, and O(|z|-*), where s > 0, in the half 


plane x = Rz > δ, where ὃ <1, then the Euler-Maclaurin series of 
(2) 1s summable (B*), to the sum (13.15.3): in particular 


C= —F(1)+3f(1)— =f ΡΣ στ 22 FC) +0—... (B*). 


13.16. Additional remarks. (1) We have supposed that f(z) satisfies 
(13.15.4), so that the integrals (13.15.10) are convergent. If we suppose only that 
|f(z)| = O(|z|*), for some c, then 

lf (2) | du| 


[---ὐ 3 


will be convergent for r > ξ(6- 1), and we shall still be able to prove the summa- 
bility of 
(—1)- 


SIN(n) = 040+... 40-4 SE -B, fn) 0-4-5 aa Bega F(R) oe 


346 THE EULER-MACLAURIN SUM FORMULA (Chap. XIIT 


We can then pass to G(n) by adding on a finite number of terms, and the 
substance of our conclusions will be unaffected. Thus, if f(u) = u-*, where 
—1<s < 0, orf(u) = logu, we can take r = 1. 


(2) We have used the (B*) method, which involves the notion of the analytic 
continuation of a(t). If (as actually happens in the most important cases) a(t) is 
regular for Rt > 0, then the positive axis of ¢ is included in the Borel polygon 
of a(t), and the series for q(t) is summable (B). In this case we may say that 
S(n) is summable (B?), i.e. by a repeated application of Borel’s integral definition. 

Suppose, for example, that f(z) satisfies (13.15.4) uniformly in any sector 
issuing from 6 and excluding the negative axis. Then it is not difficult to show, 
by @ modification of the analysis of §13.15, that a(¢) is regular for Rt > 0, so 
that G(n) is summable (B?). We can also combine this remark with the 
generalization indicated under (1). In particular, the series 


(13.16.1) st τα ἐν 540458 
B, 
(13.16.2) At ἐσ. τε ᾿Ξ Ξ mete 


are summable (B?), to sums y and 4$log 27 respectively. 
It is easy to verify these assertions ΠΙΕΘΟΤΙΥ: For example, for (18.16.1), 


a(t) = 5 +21 Ftp 4 Bs ~..= 3 (44 — 


142), 
the series being convergent for 0 < ὁ < 27 and summable (B) for all positive ἐ; 
and [ e-a(t) converges to y, by (13.13.5). 


13.17. The ® definition of the sum of a divergent series. The formulae 
(13.10.11) give examples of the ‘R’ summability of divergent series of positive 
terms. We can use such equations, as did Euler and Ramanujan, to define the 
sums of series, such as 1—1+1—..., of the more usual type; but the definitions 
which result have a narrow range and demand great caution in their application. 

Thus it is natural, after (13.10.11), to write 
(13.17.1) 2+446+... = 2(11+2+3-+4...) = 2(—+4) = —4, 

(13.17.2) 14+3+5+... = 2+4+64+...—(I+1414...) = --2-:} - 2, 

(13.17.38) 14243444... = (1+3-...)+(244-4...) = 4-4 =}, 

(13.17.4) 1—2+3—4-+4... = (1+3-+4...)—(2+4+4...) = $+4 = 

The last of these equations contradicts (1.2.17); and the sum to be assigned 
naturally to 14+2+3-+... By Euler’s principle of § 1.3, is either οὐ, ‘the value of 
(1—2a)-? for = 1’, or —;4, the value of ((s) = } n~ for 8 = —1. 

The —} and } in (13.17.1) and (13.17.2) are in fact the C of f(x) = 25 and 
f(z) = 2a—1 (witha = 0). But the 1+3-+...and 2+ 4-+...1n (13.17.3) and (18.17.4) 
cannot be interpreted similarly. They must be regarded rather as 1+0+3-+0+4 ... 
and 0+2+0-+4-+...; and then there is no f(z), of a sufficiently regular type, which 
assumes the appropriate values. Actually, if we wish our results to be consistent, 
we must interpret 1+0+-3+0+... and 0+2+0+4-+... as the values, when 
s= —l,of 

1-§-+ 3-84... = (1—2-*)£(s), 2-44-84... = 2-ὁζ(5). 


These values are (— 1)(—+3;) = τἷς and 2(—+4) = —4; and 44+(—4)is —% or}. 
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The sum of log 1—log 2+log3—..., according to these principles, will be the 
value of 
1-8 log 1— 2-*log 2+4+-3-* log 3—... = (2!-*—1){’(s)— 2. log 2. f(s) 
for s = 0, in agreement with the (A, A) sum of ὃ 4.7, with A, = log(n+1). Thus 
we obtain 
(13.17.5) log1—log2+log3—... = ¢/(0)—2log2.¢(0) = —}log ἐπ. 
It is easily verified that this is also the (C, 1) sum of the series. For here 


1.3...(2p—1) _ 2p! a εἴ 
2.41...» 108 Sap? = —tlogp—loga+o(1), 


Sap_1 = δ} ΟΡ 2p = flog p—}loga-+ log 2+-0(1), 


82» = log 


and so 


Bot 8ite ton 
a a aaa -» 4 log 47. 


NOTES ON CHAPTER XIII 


§13.1. This chapter does not profess to contain a systematic study of the 
Euler-Maclaurin formula and its generalizations, such as will be found in books 
on the calculus of finite differences. We concentrate our attention on those 
aspects of the formula most closely connected with the subject-matter of earlier 
chapters. We have naturally made considerable use of the principal text-books, 
in particular 

Jordan, Calculus of finite differences (Budapest, 1939); 

Milne-Thomson, The calculus of finite differences (London, 1933); 

Norlund, Vorlesungen δον Differenzrechnung (Berlin, 1924); 

Steffensen, Interpolation (Baltimore, 1927); 

Whittaker and Robinson, The calculus of observations (London, 1924); 


and of the shorter accounts in Bromwich, Ford, and Lindeléf. The only part 
of the chapter with any particular novelty of substance is §§13.15-16, on the 
summability of the series. | 

We have not attempted to give detailed references for the many special 
formulae which occur, particularly those connected with the zeta and gamma 
functions. 

§ 13.2. The notations of different writers vary considerably. Our B,, and ¢,(2) 
are those used by Bromwich and by Whittaker and Robinson, and our B,(z) 
that of Nérlund. But Nérlund writes 


t ἐπ 
εἰ ΝΣ Bao 


so that his Ban,,, for m > 0, is 0, and his By, is our (—1)""*B,,; and he is 
followed by Jordan and Milne-Thomson. This notation has the advantage that 
B,,(0) = By. 

§13.5. The formula was found independently by Euler, Comm. Petropol. 6 
(1732-3, published in 1738), 68-97, Opera (1), 15, 42-72, and Maclaurin, Treatise 
of fluxions (1742), 672. See Cantor’s History, vol. 3, 663, and Hnzykl. d. Math. 
Wiss., ΤΑ 8 (§38) and IE (811). The first serious discussion of the remainder 
was that of Poisson, Mémoires de l’ Institut, 6 (1823), 571-602, and the first quite 
rigorous one that of Jacobi, JM, 12 (1834), 263-72 (Werke, 6, 64-75). 
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§ 13.6. The nature of Ramanujan’s work on divergent series has to be inferred 
from passages in his letters and note-books. 

§ 13.8. Poisson, I.c. under ὃ 13.5. 

§ 13.9. Fourier, 1.6. under ὃ 2.8. 

§§ 13.10-11. A good many of the formulae here and in § 13.13 will be found in 
Bromwich, Appendix ITI. 

The most direct and elementary method for the analytic continuation of f(s) 
is that set out in Landau, Handbuch, 270-2: the ideas underlying the argument 
are similar to those used here, but it is arranged inductively. The methods of 
Riemann, of which Landau also gives an account, are more elegant and more 
familiar. 

For the last method of calculation of C in § 13.11 see Bromwich, MM, 36 (1907), 
81-5. 

§ 13.12. For details see Milne-Thomson, ch. 8, or Nérlund, ch. 3. 

§13.14. The argument is substantially that of Ford and Lindeléf. 

§§ 13.15-16. The main results of these sections seem to be new. There is a 
paper by Barnes, QJM, 35 (1904), 175-88, in which he considers the summability 
of the series (in the more general form of § 13.12) by methods of the Borel type; 
but the analysis is unconvincing. 

It is easily verified that the series is convergent if f(x) is an integral function 
of order 1 and type less than 27. 

§ 13.17. For the (C, 1) sum of log 1—log 2+ log 3—... see Bromwich (ed. 1), 351. 


APPENDIX I 


On the evaluation of certain definite integrals by means 
of divergent series 


1. In §1.2 we gave a number of examples of the use of divergent 
series in formal calculations, mainly of the values of definite integrals. 
We show here how these and similar calculations may be justified. 

We observe first that all the ordinary theorems concerning the con- 
tinuity, integration, or differentiation of the sums of convergent series 
have analogues for any linear method of summation T defined by © 
(3.1.3) or (3.1.4). We state the theorems for the method (3.1.3), and 
we confine ourselves to the most obvious analogues of classical tests, 
in which the functions concerned are continuous and the series uni- 
formly poHVeTEene In what follows > a,(z) is summable (T) to s(z), 


1.6. 8,(5) = > emnk2) —> s(x) (T). 


THEOREM 247. If (i) a,(x) is continuous in <a, b>, for each n;t 
(11) ἐρι(α) = > Cnn Sn(x) 18. uniformly convergent in <a,b>, for each m; 
(iii) > a,,(x) is uniformly summable in <a, b> to sum s(x); 

then s(x) 1s continuous in <a, b>. 

For ¢,,() is continuous for each m, by (ii), and the conclusion follows 
from (iii). If T is row-finite, as, for example, when it is (C,k), then 
condition (ii) may be omitted. 

THEOREM 248. Under ie same peer 


Σ fa (et) da = [πα (T). 


For the left-hand det is, by definition, 
b 


b 
lim Σ Cran [ 8, (ct) dar = Tim [ Σ Cnn Sule) dar = Tim [ t,(a) dx, 


and the conclusion again follows from (iii). 


THEOREM 249. If (i) aj,(x) is continuous in <a,b),t for each n; 
(ii) > Cnn Sn(%) ts, for each m, uniformly convergent in <a, by; 
(iii) > a,,(x) is uniformly summable in <a, by; 
(iv) > a,(x) is summable in <a, by, to s(x) ; 
then s'(x) exists in the interval a < x < ὃ, and is continuous, and 
Σ a,(2) = 5“) (1). 


t+ With the usual gloss (assertion of right-hand or left-hand continuity only) at the 
ends of the interval. { With the gloss corresponding to that on Theorem 247. 
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This is a trivial corollary of Theorems 247 and 248. For f(x), the sum 
of > a,(zx), is continuous in <a, b>, and 


s(x) —s(a) = Σ {a,(x)—4,(@)} = X fe y) dy = j Σ Aly) dy = ij fly) dy, 


all sums being taken in the T sense. It follows that s'(x) = f(x) in the 
interval a <a < ὃ. 


2. We pass to the problems (1), (2), (3), (5), and (6) of §1.2., If we 
use the C definitions, then the transformations in (1) and (2) are covered 
by Theorems 247 and 249, all the differentiated series being uniformly 
summable (C, 1), for sufficiently large 1, in appropriate intervals: alterna- 
tively, we may use the A definition. The first integration in (3) is covered 
by Theorem 248. 

The argument in (5) needs more consideration. We suppose that 
0 «-φ --.π. Then 


cos η1θ--- cos md sin nd 
πε = = C,1), 
τὸν το ὁ vs > ray cos n6(cos m8—cosmd) = > a, (C,1) 


the sums being over (1,00), and 0 <6<7a,0¢. The series > a, is 
uniformly summable in 0, φ---εδ and <¢+e, 7), and so 


sn δρ- πη { w0=(- f end (-wia)s 
-(f- Sse w 


The right-hand side tends to the integral (1.2.26) when ε -Ὁ 0, and it 
is therefore sufficient to prove that 


N ote 
roe 2 πε Janae 


exists for each ε and tends to 0 with ε. A fortiori, it is sufficient to 
prove that 


+ For (4), see the notes on Ch. 1. 
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has these properties. Now it is easily verified that 


(é (m-+-n) 
| α, 49 = cand βίην ne cos(m—n)p 4 at") costm--n\p— 
3. sing | m— m+n 
—2 cos cosnp ==", 
where etn =e is to be interpreted as « when m = n; and mis fixed. 


It is therefore sufficient to show that the series 


τ πεν ὦ sin(n—m)e 
A= > sin nd cos(n—m)d ae re 
n=m+1 
_ sin(m-+-n)e 
B= 2 sin np cos(m--n)d aa 


sin ne 


C = —2cosmd Σ sin Np cos nd 
1 


are convergent (as is obvious), and that their sum tends to 0 with ¢.t 
But 


= S sin(m--k)¢ cos kd 
k=1 


Bes > sin(k—m)¢ cos kd 


k=1 


sin ke 


sin ke 
k 


sin vs 


A+B = 2cosmd Σ sin k¢ cos kd 
and so A+-B+C0 = 0. 
Passing to (6) of §1.2, we select the formula (1.2.28). Since 
sin 26+ sin 46-+-sin 60--... = 4coté@ (C,1) 
uniformly in (ε, 47), we have 


= —C, 


N in 
lim [ yi) | oamanoa = 2 | Poot a6, 
€ 


Ν--"ο a= 


and it is enough to prove that 
N € 
n 
1 
Jim > ( wii) { @sin2n8 4θ-» Ὁ 
0 

when ε -> 0; a fortiori, to prove that 

Σ Ι 8 sin 2ηθ dO > 0. 

I 


Τ᾿ We have rejected the terms corresponding to n = 1, 2,....m from A, and added those 
corresponding to n = 0, —1, ... —m+1 to B. Obviously these all tend to zero. 
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But the series here is 


| Ae 
> ae (sin 2ne—2ne cos 2ne) = : > nme + te log(2sine), 


and plainly tends to 0. 
Many other integrals may be evaluated similarly. We may mention 


vis 


r Or—6) 4, - 1 FE ((a—8)\2,, 2 ol 
‘ sin 0 ὅν ἘΞ >. pip {{ sin 0 a ὅπ > a 
ὃ 


1 


δεδε δήθ: αν oa { _osing gg 1 
J sec Pa On+ 1 ee Beryl 27 log(2 cos $¢). 
0 


The last two integrals are principal values, and 0 « ¢ <7. 
3. The formulae of §2 may be derived, in much more general forms, 
from the theory of the ‘conjugate series’ of Fourier series. If 
f(0) ~ 4ay+ ¥ (a, οοβηθ- Ὁ, sin nb) = $A9(A)+ > A,(4); 
then the conjugate series 1s 
>(b,, cos nO—a,, sin n#) = > B,(8). 
It is familiar that 
] 


(3.1) Σ B,8) = = | θοῦ (t—0) dt 


under appropriate conditions, the integral being a principal value at 
t = 6. For example, the series converges to this value if the integral 
exists and f(t) is of bounded variation in an interval round ¢ = 6. But 
(3.1) is the result of writing 


1 cot 4(¢—6) == sin(t—6)+sin 2(¢—8)+..., 
and integrating term by term after multiplication by f(¢). In particular 


= | f(tjoot #t dt = Σ b,. 


Formulae with divergent integrals 


4. We now consider the formulae of §1.5. There are theorems for 
divergent integrals corresponding to those of §1, which we need not 
state formally. We can verify at once that the integrals (1.5.8) and 
(1.5.9) are summable (A) to the values stated, and uniformly in any 


4] BY MEANS OF DIVERGENT SERIES 353 


interval (m,,m,) of positive values. They are also summable (C, k) for 
sufficiently large k, since it is easy to prove that | 


| he-wit doe — T(k-+l)e-He+Dmig-k-1 (C, 1) 


fork > —1,a>0,1>k. In fact, if we integrate 


I 
{ (1 -3| gke—atz dz 


round the rectangle (0, X,X—i00, —100), with suitable indentations at 
0 and X, we obtain 


[ — 5) stew dx == ο--ξ( κ εἰ)πὶ | (1 +) ew dy +- 
xX x 
᾿ 4 etl+lnig—ax Χ -ἰ [ μἰ(Χ —iy)ke- 4 dy. 
The first term on the right tends to 
ο- τ εὐπί | yke-av dy = T'(k-+ lee +i ig—k-1, 


and the second to 0, when ἃ — οὐ. 

We now prove two theorems concerning the formulae (1.5.10) and 
(1.5.11). 

THEOREM 250. If (i) F(z) = Σ α, “", (i) m> 0, p > —1, 

(iii) Σ n!a,,2" has a radius of convergence R > πηι, 

(iv) [ e-e+mOzgn F(x) dx is convergent for τ > 0, then 


(4.1) Ϊ ghe-miz B(x) dx = ¥ T(n+- p+ le Keto" τίς 


the integral being an A integral. We may replace condition (111) by οὐδεν 
of the more general conditions 

(11) > n!|a,|m-" < 00, 

(1115) Σ n! vna,(um)-” 18 convergent. 


THEOREM 251. If (i) d(x) = O(e&*) for every « > 0, so that 
ψ6) = [ἐπ φ() de 

ἐδ convergent for r > 0, 

(ii) b(7) is regular for |r| <m, 

(iii) > n!a,,2” has a radius of convergence R > m-, 

(iv) [ 6 τὴφ(α) F(x) dx is convergent for τ > 0, then 


(4.2) | d(x) F(x) dx = > a, Ϊ a(x) dx, 


where F(x) = > a, 2", all the integrals being A integrals. 
4780 Ad 


354 EVALUATION OF CERTAIN DEFINITE INTEGRALS [App. I 


If p(x) = xhe-™=, then ψ(τ) = I'(u+1)(7-+mi)-#-1, and conditions (i) 
and (ii) are satisfied. Thus Theorem 251 includes the main clause of 
Theorem 250. 


Proof of Theorem 250. The equations 
(4.3) χίτ) = [ ε-ταρβ() Ε' (x) da = [ etr+mizyp F(x) da 


= Ya, [ etremiegn+y de — ¥ T(n+-p+1)a,(7r--mi)-"-#-2 
are certainly true if 
[ὉΠ ZS la,lerede = Πα Ἐμ-Ἐ 1)}α, τ λτμτα <oo, 


and therefore for τ > m; and the final series in (4.3) is uniformly con- 
vergent in any interval 0 <7 < 7). Hence y(r) is an analytic function 
of τ regular for 7 > 0, and 
χίτ) > > T(n+ y+ 1)a,(mi)-"-#4 = YF ΤᾺ -Ἐμ-Ἐ lek tet Drig, m-n-e-1 
when +> 0. This is (4.1). It is plain that the proof is equally valid 
under condition (iii’). 

As regards (iii”), we have 

Σ Ponte pt lay (rpmi)-e-#-t == Σ ΠΩ Ἐμ-Ἐ Lag (mi) tants, 


met 


where 2 τς τς tt 
τ-  ηὺ as 
᾿ m? lx τῇ 7 7 τῆι τ 
= --;----ι........ --ἰὶ = -------- ~ ——- = iY --- 
7m?’ rm? Mm?’ rtm m 


when 7>0. Thus l—x ~ y?, and z > 1 along a path having contact 
of the first order with the unit circle. It is known} that if f(z) = > c,,2” 
and > vnc, is convergent, then f(z) > Σ ο,, when z— 1 along such a 
path, and our conclusion follows. 


Proof of Theorem 251. We have |d(x)| < He* for any positive ε and 
an appropriate H; and so | 


[ e-™|6(x)| > |a,|a"da < H > |a,| | ε΄ τότ dy 

| = HY nla, |(r—-€)-"-! <0 
1 τ--ε > R-!. It follows that 
(4.4) [ e4(x) F(x) dx = > a, | e*dh(x)a"dx = > (—1)"a,, Wr) 
if +r > m. | 


+ See Hardy and Littlewood, PLMS (2), 11 (1912), 411-78 (475, Th. 48). 
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If τ > 0, then ψίω) is regular inside a circle with centre u = 7 and 
radius ,/(m?-+-7?); and so, by Cauchy’s inequality, 


(n) ΞΘ Μὴ 
Lr) |< {πὲ τὸ 9)" 
for any 7 > 0 and ἃ corresponding ἤ(η). Thus 
- MA 
Elan yer) < Mn) > τε ty ape 
Since m > R-1, we can choose ἡ so that ./(m?+72)—7 > R-! through- 
out any interval 0 < τ < 7, of τ; and so the series on the right of (4.4.) 
is uniformly convergent in this interval. It follows that 


x(t) = | e-T*h(a) F(a) da 
is regular for Rr > 0, and that 
i e-T h(a) F(x) da > Σ (—1)"a, $0) = Ya, lim [ ε-ταφ(α)." dar 
when τ- 0. This is (4.2). 
5. Hxamples. (i) To illustrate Theorem 250, we take 
F(x re Ξ ες, 


ες ee a 16 13-261) ap 
Lale,2 = > a (kN? \2 ἘΠῚ I 9.4.2 
(so that & = 1), andy = 0. We obtain 
ὑῶν dx = 0+0+0+4+... = 


11 1.3 1 1 
{ Jo(x)sin ma dx = — Dane Oe Poa = J@n?—1) 


for m > 1. Both aoa are false for m <1, the values of the 
integrals being (1—m?)-? and 0.7 
(ii) We may illustrate Theorem 251 by the integral 


I(c) = [ J,(a)Iys3(cx) da, 


where c > 0, « > —1. We observe first that 


. HAT (v9) 
5.1 ταν» 1 ee 

(5.1) | evter*Nile)de = apa 
for 7 > 0, v > —1;] from which it follows that 
(5.2) | gvtlt2my (2) daz = 0 (A) 


+ Watson, 386. . ft Ibid., 386, 
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for m = 0, 1, 2,.... On the other hand 


(5.3) | 2-1 (x) dx = 2°-1T(v) (A) 
for v > 0.f 
If c < 1, we take 
P(x) = στοῦ 4 (CL) = Ag+ Ag2?+... P(x) = «*ttJ, (2). 


Then & = 1/e > 1, and ψί(τ) is regular |r| <1, by (5.1). The 
conditions of Theorem 251 are satisfied, and 

I(c) = 0+0+0+... = 
by (5.2). If, on the other hand, c > 1, we take 

F(x) = 2-*J (x) = Ap ay x?+-..., f(x) = «J, .,(ex). 
Then #& = 1, and ψ(τ) = [ ey J αἰ) dx 
is regular for [τ| <c.{ The conditions of the theorem are again satisfied, 
and 
see i haa 


I(c) = ag | Bee) OPO Oe aay 


- by (5.3). Thus I(c) = 0ifc <1 and 1(0) =c-*ife 1.8 

6. We conclude this appendix by considering some integrals which 
combine some of the features of those of §§ 2 and 4. 

From 


αὐ). (5) da = c~%-}, 


tanx = 2(sin 2x—sin 42-+-sin 6z—...), 
secx% = 2(cosx—cos 3x-++- cos 52—...), 


we deduce formally 


(6.1) [ f(x)tan x dx = 2(υ,-τυ,-υς--...), 
| f(x)secx dx = 2(u,—u,+u;—...), 
where u, = | f(x)cos nx dz, = [ f(x)sin nx dz. 


The integrals on the left in (6.1) will usually be principal values at 47, 
37,... (and may require additional conventions); those on the right may 
be convergent or divergent. Thus, if A > 0, 


2 4 
—Ax τοῖς Ose δου 
(6.2) { et tana dx = ee arat) 


| A λ 
-λα τῶ (tee ee τοῦ  ς : 
{ e“ sec x dx = lian sat} 


t Watson, 391. The integral is convergent if 0 < » < 3. 
t ψ' (τ) is an integral of the type (5.1). 
§ Watson, 406. Our theorems do not yield the value of I(c) in the ραν casec --]. 
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in this case each w,, or v, is convergent, and the integrals on the left 
may be defined as limits of integrals over (0,.X) when X -> οὦ in a way 
which avoids the poles appropriately. Or again 


2 4 
(6.3) { cos Ax tan x dx = (aa at) 


| sinAvtane dx = 0, 
if AX - 2n; and 


(6.4) { cos Ax seca dx = 0 
A λ 
{ sin Axseca dx = ἰῇ. a 5 Ὁ-} 


if A~2n+1. In this case the τι, and v, are A integrals, and the 
integrals on the left require an A convention in addition to the con- 
ventions necessitated by the poles. 

We consider these formulae a little more closely. We begin by 
proving 

THEOREM 252. If f(x) is positive and tends steadily to 0 when x -> οὐ, 
f(x) ts continuous, and 


= Na 
[ f(x)tana dx = lim i f(x)tan x dx, 
0 No . 


where the integral on the right is a principal value at ἐπ, 8r,..., is con- 
vergent, then 


| f@x)tanz da = 2( | f(a)sin 2x dx — { f(e)sin “ὦ dx +...). 
We need two preliminary remarks. 
(a) It follows by partial integrationt that 
Nr Na 
[ f(z)tanz dx = 4 [ f'(x)log cos*a dx. 
0 0 


Since f’(x) < 0, log cos*x < 0, it is necessary and sufficient for con- 
vergence that 


| 7 (a)log cos? dz < oo. 


We may replace Nz by any sequence ἂν which keeps a distance ὃ away 
from the poles of tan z. 
(ὁ) Since 


Ὅς ΞΞ [δα 2na dx = τὰ | F@)—e0s 2nx) da = 65) 


Τ᾿ There is no real difficulty in the partial integration, in spite of the infinities of the 
integrand. See Hardy, PLMS (1), 34 (1902), 17-40 (21). 
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the series v,—v,-+... will be convergent if it is summable (A). It is 
therefore sufficient to prove that 
2(v,7?—v,7rt-+...) >4$ | f’@)log cos*x dx 


(assumed finite) when r->1. Now 


(0,7? —my rtf...) = 2 δ᾽ (— 1) | fle)sin Ine da 
1 


οο 


| = -> (—1yra™ | 7'(@)(1—c0s ane) dz, 


1 


and ΣΤ {{(4){(1 ---οοβ 2η,α) da < oid | f'(x)| da < 00 


when r «1. Hence 


2(v,7r2—v, 74+... =-|{ f(z yore —cos 2nx) dx 
1 


_ , (ue 
= ip (το 7 AX; 


2r2cos 2x-}-r4 
and it is sufficient to prove that 
(14-77)? 
-- [7 2)log ———-__—__—_—_ 1 2r? cos ln pr4 dx > [ (x)log cos*x da 
when r->1. But it is easily verified that 


(1-+-7°)? 


2 gps ὐσ ιν ΘΟ ν 
< 108 1-+27r2.cos2a-+rt ~ 


< log —— 
8 οοϑῦχ 


for0 -- γ7- 1; οοβξα £0. It follows that J(r) converges uniformly for 
0<r<1, and that J(r) > J(1). This proves Theorem 252. The con- 
ditions are satisfied if f(z) — e-**, when we obtain the first equation 
(6.2). 

The proof of the second formula is similar. 

To prove (6.3) we observe first that 


{ e-8& log cos*x dx 


converges, and represents a regular function of s, for Rs > 0. The 
same is true of 


| e-*“tana dx = — 4s | 6 δ log cos*x dx, 


where the integral on the left is defined as under (a). Putting s = σ-Ἰλ, 
and making o -> 0, we obtain (6.3). The formulae (6. 4) may be proved 
similarly. 


APPENDIX II 
The Fourier kernels of certain methods of summation 


1. It is familiar that the summability of a Fourier series 
Τα. ἘΠ (a,,c0snb+b, sin né) 
by a method T with 
™m => Cmn8, [or (x) = > c,(x)s,]T 
depends on the properties of the ‘kernel’ 
K,,(t) = > ema Senge jor K (x,t) = > ὁρίῳ ee | 
In particular, if T is a ‘regular K-method’, in the sense of Hardy and 
Rogosinski,{ 1.6. if it is regular and 
> 2Aemnl <<«© [or Σ nle,(x)| <a] 


for each m [or x], then a necessary and sufficient condition for summa- 
bility, to sum c, is that 


ὃ δ᾽ 
| g(t) K,,(t) dt > 0 or | g,(t)K (x, t) dt > ol, 


where g.(t) = Hf(0-+t)-+f(0—t)—2¢}, 
for any ὃ > 0.8 
Further, if we call the conditions 


t 
(1.1) go(t)>0, (1.3) fig(u)du=o(t), (1.3) f Ige(u)| du = oft) 
0 0 


_ k,, 1;, and D,, respectively, then there are three fundamental theorems 
concerning regular K-methods, due in essentials to Lebesgue. | 


A. If 
(1.4) ! Kn(t)| dt -- Η, 


where H 18 independent of m, then k, is a sufficient condition for summa- 
bility to c. 


{| We use τ for the ὁ of § 3.1, ¢ being needed for other purposes. 

1 Fourter series, ch. 5 (referred to as HR in what follows). 

§ HR, Theorem 69. 

| See HR, Theorems 70, 71, 72. In Theorem 72, the first condition (5.6.5) is a 
consequence of the second, provided that K},(7) = O(1). The variations for the con- 
tinuous parameter 2; are trivial. 
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B. If | 


(1.5) [ 1K,¢) dt < H, 


then |, ts a sufficient condition. 
C. If |K,,()| < KX), KR (ἢ is absolutely continuous, except perhaps 
at the origin, and 


(1.6) [axe dt<H, |K*(mn)| <H, 


then L, 18 a sufficient condition. 


It is plain that 4, implies L, and that L, implies /,; on the other hand, 
(1.5) implies (1.6) and (1.6) implies (1.4). The condition Z,, and a for- 
trort L., is satisfied, with ὁ = f(@), for almost all 6; so that a method of 
summation which satisfies (1.6), and ὦ fortzort one which satisfies (1.5), 
is ‘Fourier-effective’, i.e. sums any Fourier series almost everywhere 
to its generating function. 

When T is (C, 0), (Ὁ, 1), A, then Καὶ, (ἡ), or K(r, ¢),f is 


_ sin(m+ ἐν = 1 sin $(m-+ cl 
Bilt) = 9 511) ᾿ En = 2(m-+ τί sindt |’ 
1—r 
a= 2(1—2r cost-+-r?)" 


The last kernel satisfies (1.5); the second satisfies (1.6), and a fortiort 
(1.4), but not (1.5); while the first does not satisfy even (1.4). Thus 
the A and (C,1) methods are Fourier-effective. On the other hand, . 
classical convergence is not.{ | 

We consider here the kernels of the methods (C,k), (A, 2), (VP), B, 
(E, 4). 


2. The (C, k) kernel. We prove 


THEOREM 253. The (C,k) kernel satisfies the conditions of C, and a 
fortiori that of A, for every positive k. It satisfies that of B 1} k > 1, but 
noifo<k<l. 


It is a corollary that the (Ὁ, ἢ) method is Fourier-effective for every 
positive k. We write 


4+ cost-+cos 2t-+... = Cypte,tegt... = δ Cy, 


+ It is convenient to use r here instead of . 
t HR, 70 (Theorem 79). 
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and denote by C* the kth sum-function of > c,.{ Then 


- 
k 
Plainly we may suppose m > 2. 

(1) Weestimate Καὶ, () for 0 <#< 1/mand 1/m <t « π. 10 <t< 1/m, 
then c,, = O(1), C, = O(m), Ck, = O(m**}), and K,, = O(m), uniformly 
in ¢; so that, for an appropriate ἢ. 

(2.1) ΙΚ,! - Κα = Hm (0<t< 1/m). 

When ¢ > 1/m, we use the formulae 


Ἄ 


cum 1— uv? 
=5 1—2u cost+u?’ 
1—u2 1 
Ce, ue — : 
| > 5 1—2u cos t-+-u? (1 --- 10}}} 
: 1 1—u? du 
D2 ok ——— eee 
a) m™ ἀπὶ | 1—2u cost+ u? (1L—w)*t1ymtt 
δ 


where C is a small circle round the origin. We may deform C into a 
lacet C, formed by the circle |u—1| = p, where p < |1—e“|, and the 
line (1-++p,00) described twice in opposite directions, provided we allow 
for the residues at the x u = εἰ Calculating the residues, we find 


(2.3) Κ᾽ (ἡ) = Q(m)+ Wm), 
T(k+1)P(m+1) sin{(m+ $k-+-4)t— tk} 
OO Tantktt) (Gain 
— PaA+1) (m+) 1 1-- du 
Cl = T(m+k+1) ini | 1—2u cost--u? (l—u) τινε" 


It is plain that 
(2.6) Q(m) = O(m-*t-*-}) 
uniformly, and we have to estimate W(m). 
We take p = 34m}. Then, for a positive H, 
|1—wet#| = |u—et4#| > Ht 
(since ἐ > ην 1) on the circular part of Οὐ, and a fortiori on the recti- 


linear parts. Also |w|-”-1 is bounded on the circular part. Hence the 
circular part contributes 


_, m* ην 1 
o(m k, Ἔ A] = (=a) 


+ ΟἿ corresponds to the A* of Ch. V. 
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and the rectilinear parts contribute 


-κ ] ἡ du te 1 ] \-m+1 ΝΕ ] 
oats f= κω υβ νἀ} 1- 60) 


144m" 
It now follows from γᾶ αν that 


(2.7) Καὶ ,() = O(m-*t-*-1) + O(m-H-2), 

(2.8) [Καὶ (ἢ) } < KR(t) = 4A (m-t-*-34m-Y-2) (m1 <t < 7), 

with an H which we may suppose the same as in (2.1). The K*, defined 
by (2.1) and (2.8) is absolutely continuous, K*(7) = O(1), and 


[Ke | dt = 4H (e+ 1)m-* ᾿ ikl dt +2m-1 { t-2 a < eer aL. 

6 1/m 1/m 
This proves the first clause of Theorem 253. 

(2) We now suppose k > 1 and estimate K/ (t). Since K,, is derived 
from 0—sint—2sin 2t—... as K,, is from 4+4-cost-+-cos 2t--..., we have 
K,,(t) = O(m?) and ; 

1/m 


l/m 
(2.9) } t| Ky (t)| dt = o(m Ἵ ta) = O(1). 
When ¢ > 1/m, Κ' m == Ὡ΄-ΕἸ΄, where 9” and W’ are the derivatives of 
Q and W with respect to ¢. Thus, first, 
Q’(m) = O(m-* .m.t-*-1) + O(m-"t-#-2) = O(m!-Ft-k-1), 
W'(m) = _Pe+D (m+) 1 | (1—u?)w sin t du 
" D(m+k+1) 2πὶ.} (1—2ucost+u?)? (l—u)Ftymtl 


Hence, if we treat W’(m) as we treated W(m) under (1), we obtain two 
terms, of which the first is 


mitt πη} ] 
O (m-# > “Ἢ " ar] - O (=a) 
and the second is 
t ὡ du ] ] \-™+2 I 
—K . eo een, 7. 45.0.0. ὃ = — }. 
o{m t4m-* | a) Ol sa εἢ ΕΞ ' (Fa) 


It follows that 
W'(m) = O(m-1}-3), ΚΙ, (ὃ = O(m3-*t-*-1) +. O(m-1-3), 


(2.10) f Xn dt = O(m-# [ iad at) +-0(m- [ t-? i = O(1), 
1/m 1/m 1/m 


since k > 1. This, with (2.9), shows that Καὶ 


m 


satisfies (1.5). 
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The argument fails when k < 1, since then the first term in (2.10) 
is not O(1), and in fact the (C, 1) method does not satisfy (1.5).f When 
k <0, the method is not regular, and (since summability then implies 
convergence) is not Fourier-effective. Kogbetliantz [AEN (3), 40 
(1923), 259-323 (276)] has proved that if —1 « k < 1 then 

K,,(@) = O(m) 
and K,(t) = Q(m)+ O(m-H-?) 
uniformly for 0 <t<a. The proof may be carried out on the lines 
of that of Theorem 253. 


3. The (A, 2) and (VP) kernels. For the (A, 2) method 
K(r,t) = 4+rcost+r* cos 2t-+7° cos 3+... 


If r=e tr (ῃ > 0) 
then, for 0 <t< 7, | 


00 ] oo . 
3.1 K=4 e-(nT7¥ eng nt = > ο΄ (2Ζηιπ--  4ηὅπ 
(8.1) ἘΣ ie 2, 


I 
—- . ean’? O e-Hin* ; 
ΕΣ ἘΟ(6- Ἀπὸ 
uniformly in ¢. For summability to c, it is necessary and sufficient that 
ὃ 


᾿ Ϊ σι((γε τ Άπθη dt > 0 
4 0 
when 70. The kernel K mimics 


ae 1 οὔ άπϑηἢ ; 


Oana 
and its derivatives mimic those of LZ. Also 


οο 


{ t| L’(t)| dt = 0% | t. =, τ ἡ πθηβ a = of { f2e~Hl4n1? a = O(1). 
0 ὠ 0 ᾿ 0 

Thus the (A,2) method satisfies (1.5). It is easily verified that it 
satisfies 


(3.2) [ {P| ΚΦΧἢ)] dt = O(1) 


for every p. It follows that, like the A method, it will sum derived 
series of Fourier series at points where the generating function has a 
derivative, or generalized derivative, of appropriate order.t 


+ See HR, 62. 
1 Seo HR, 68-9, or Zygmund, ch. 10 (where there is a much fuller account). 
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We shall prove in Appendix V that the (A,k) method is Fourier- 
effective for every positive k. 

10 is interesting to find a row-finite method which has similar 
properties, and de la Vallée-Poussin’s provides an example. In this case 


m m(m—1) 


Γ J ‘ m 
K,, (é) = : roa Ϊ με ει Ἐπὶ cos 2έ-Ἐ.... = A, (cos $t)?", 
where Ay = ent ~ 4,/(mz). 


Since cosz < e~” for 0 <<a < dn, 


{ t| Κὶ,(Ὁ}} dt = οἰ { isin 4t(cos $t)?"-1 a 


= (ms | ἐδε- ἐπε i = O(1). 
0 
Thus 4,,,(¢) satisfies (1.5), and it may be verified that it satisfies (3.2) 
for general p. | 
4. The B and E kernels. Since a, and 6, tend to 0, it is im- 
material which form of Borel’s definition we choose. Taking the 
exponential definition, we have 
x” sin(n+-$)t ev —cosi) 
Kk οἷ π᾿ πῶ -- τὶ = ᾿ 
ὑπ ae 2 sin 4¢ 2 sin dt 


sin(xz sin ¢-+ ἢ); 


and we may replace this, with trivial error, by 
t-le—v.— cos) sin (a sin ἐ). 
The kernel does not satisfy (1.4). For e-74-°84 > H for0 <t <a} 
and jsin(z sin t)| > AH |sin xt|+ O(a#3). 
It follows that 
ant αἱ : σὲ : 
{ [ΚΙ dt > H | AE ἃ +0@-) > H [EE du 00 
0 ἮΝ ὃ 
when x - οὐ. In fact the method is ποὺ Fourier-effective, and does not 
sum all Fourier series at points of continuity. 
The (E,q) kernel behaves similarly. We suppose 4 = 1, since it is 
only in this case that the formula for K,,(¢) is simple. Then 


— 9-m «Ὁ [m sin(2-+-3)t ae (cos $¢)™ . m+ 
Kt) = 2 > " Sane τ sin ——t. 


n=0 


It is easily verified that { | K,,(t)| dt is not bounded. 


APPENDIX III 
On Riemann and Abel summability 


1. We prove here three theorems which we have referred to in Chs. 
IV and XI, and which may be stated shortly as follows. 

THEOREM 254: (R, 2) —> (A). 

THEOREM 255: (R, 1) — (RB, 2). 

THEOREM 256: (Rz.) — (A). 

They assert relations of complete inclusion between methods of summa- 
tion: thus Theorem 254 says that, if a series is summable (R, 2), then 
it is summable (A) to the same sum. 

There are different proofs of all the theorems. We follow that of 
Kuttner, who first proved Theorem 254 in full generality. The method 
of proof, by ‘formal multiplication’ of trigonometrical series, was 
devised by Rajchmann and developed by Zygmund. It is unlike any 
method which we have used so far, but depends on theorems which 
we proved in Ch. X. 

We defined the ‘Laurent product’ of two series, infinite in both 
directions, in Ch. X. Here we are concerned with trigonometrical series. 
We write 

A= > Ann emia B= > ὃ, οἴ 
and define C by 
C= > cer, 6, =. > 4,,0,. 
If a,, and 6, are even, and oe 
Am+t+G_m == 28m = GM, 6, +6_, = 2b, = 8B, 
then c, also is even, c,-+c_, = 2c, = Vp, Say, and 


(Zag a, COSt+...)(4Bo +P, 6082-Ἐ...) = dp ty, CO8z+..., 
where γὴ, πτ 4 > Xm Pn 
M+n=p : 

This is the formal rule for the multiplication of cosine series. In our 
applications, the sums which define the y, will all be absolutely con- 
vergent. The product of two sine series is also a cosine series, and that 
of a cosine series and a sine series is a sine series: it will not be necessary 
to write the formulae down in detail. 

} The formulae agree with those for ‘Fourier multiplication’ in § 10.12: in particular 


the formula for y, agrees with (10.12.8)-(10.12.10) if we remember that «,, and B, are 
even. 
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Theorem 193 shows that, if a, = o(1), > |»||5,| «οὐ, and 
> by, enit — B(x), 
N Φ Ν . 
then dc, "ἴα. B(x) > a, em > 0 
“WN ΦΧ 


uniformly in x.t Translating this into the language of cosine series, 
we obtain 


THEOREM 257. If 


Xn, = o(1), > n|B,| <, $Po+ > Bn cosnx = B(x), 
and 


Yo >= 


nie 


morn Bn — (9 Bp +O Bp-1t--. Foy Bo) + 

+ (0p 41 Bit %p 42 Bet. +04 Bp sito: βρ..5....)ψ} 
then 49+ > γ COS na — Βα) $o9+ > a, COS nat) >0 
uniformly in x. 


There are, of course, corresponding theorems for a cosine and a sine 
series or for two sine series. 
2. We require a preliminary lemma. 


THEOREM 258. If > c,(1—cosnz) is convergent for all x of an interval 
(x, B), then > c,, ts convergent. 


We use the formula 


β 
(2.1) in | (1—cos nasin a 5" dx = B—-a+(cosna-+cos nB)Q,, 
—— aX 
where | 
(2.2) Osa = gy 
Plainly. 
(2.3) 0<Q,<7Hn (n? > 2H?). 


Since c,sin2inz-—>0 in a set of positive measure, c,—->0 and 
Σ nI¢,| <00.§ 

We suppose Σ ο,, divergent and deduce a contradiction. If > c,, is 
divergent, then there is a positive 6 such that 


(2.4) } Xen » ὃ 


+ See the remark concerning uniformity on p. 235. 
{ Remembering that «_,, = ἀρ» Bon = Bn- 
§ See, e.g., HR, 84. 
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for pairs μ, v tending to infinity. We can therefore find p, and ν; 80 


that 
x τι lenl (β--α)δ᾽ 
(2.5) pe > 25, vy > M4, Pra > ὃ, » < 4a” 
1 μι 


and then 


= IS Cn{B—a-+ (cos na+ cos nB)Q,,} 
μι 


β Vi. 
I , --α 
i | > tela πεν dx 


> (B—a)| Σ οι --2 5. 1e,1Q, (β-- α)δ-- 5πΗ > al > 48-8, 
μι μι lea 
by (2.1)-(2.5). It follows that 


Vy 


ὃ 
(2.6) > c,(1—cosnx)| > = 
μι 


ua iar . el Oe 
Σ (1 cos nz) > sin aes 
at a point of («,8), and so throughout an interval (a,,8,) interior to 
(x, 8). 

We can now choose a second pair pip, vz, With μα > v;, for which (2.4) 
and (2.5) are true, and deduce that (2.6), with p,, v1, «, B replaced by 
La, να» 04, By, is true throughout an (a,,8,) interior to (α;, βι); and we 
can repeat the argument indefinitely. We thus determine a sequence 
of pairs μα, v,, tending to infinity with &, and a corresponding sequence 
of intervals («,, 8), each included in its predecessor, such that 


(2.7) ΝΣ ¢,(1eosnz) = Ὁ 
My 7 


throughout («,, 8,). There is at least one x common to all these intervals, 
and our series diverges for this x; a contradiction which proves the 
theorem. 


3. We now prove Theorem 254. This is the most important of our 
theorems, and we write out the proof in full, then indicating shortly 
the points of difference in the proofs of Theorems 255 and 256. 

We are given that > a, = s(R, 2), and we may suppose (altering two 
terms of the series if necessary) that a, = 0, ὁ = 0. Then 

F(h) = Σ na, sin®Anh | 
converges for small h, and F(h) = o(h?); and we have to prove that 
> 4,7" > 0 when r->1. The proof falls into two parts: we prove first 
that the truth of the theorem in two particular cases involves its truth 
in general, and then prove the particular cases. It is the first stage of 
the proof which depends on Theorem 257. 
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Since Σ n~*a,, is convergent, by Theorem 258, we may write our 
series as | | 


(3.1) dag+ > a, cos nh, 

where 

(3.2) a, = —4na, (n>0), a= —2Da, = Yna,.t 

This series converges to F(h) for small 4. The two particular cases 
considered in the proof are those in which (A) the series (3.1) is a Fourier 


series, (B) the series (3.1) converges uniformly to 0 in an interval of 
h including the origin. | 


4. We begin by proving that the theorem, if true in cases (A) and. 
(B), is true generally. | 

We suppose that (3.1) is convergent and its sum bounded for [ἢ] < ὃ, 
choose a positive 7 less than ἐδ, and suppose that A(h) is any function 
satisfying the conditions (i) A(h) is even and periodic, and has three 
continuous derivatives, (ii) A(z) = 1 for [ἢ] <n, (iii) AZ) = O for 
2η < lhl <a. 1 
(4.1) A(h) ~ $Bo+ > B, cos nh, 
then B, = O(n-3) and > n/B,| «: οὐ. Also a, = o(1). It follows from 
Theorem 257 that if 


(4.2) | Bot Σ Yn cos nh 

is the formal product of (3.1) and (4.1), then 
N N 

(4.3) dyo+ Σ yn cos nh—Ah)| fa9-+ Σ αν C08 nh| - 0 
1 1 


uniformly in h. Since (3.1) converges to F(h) for |h| < 2n <6, and 
Ah) = 0 for 2n < |h| <a, it follows from (4.3) that (4.2) converges 
for all h, and to a sum F'*(h) defined by 
F*(h) = F(h) (\h| <n), AA) P(A) (η < [ἅ| < 2m), 9 (29 « [Δ] <7). 
Since F*(h) is bounded, (4.2) is the Fourier series of F*(h).t 

If y, = — nc, (n > 0), Yo = —2 Yn =D Ons 
then (4.2) is related to > c, as (3.1) is to da,. Since 

| F*(h) = F(h) = o(h?) 

for small h, > c, is summable (R, 2) to 0. From this, and our assump- 


tion of the theorem in case (A), it follows that > c, is summable (A) 
to 0. 


+ The notation is different from that of § 1. 
+ See, e.g., HR, 89. 
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On the other hand, since A(h) = 1 for || < η, it follows from (4.3) 
that 
3(Yo— αὐ) + Σ (Yn—%n) cos nh 
converges uniformly to 0 for [ἢ] < η, and that > (c,—a,) is summable 
(R, 2) to 0. From this, and our assumption of the truth of the theorem 
in case (B), it follows that > (c,—a,) is summable (A) to 0. Finally, 
since @, = C,—(C,—@,), >, 2, is summable (A) to 0. 


5, It remains to prove the theorem in the two special cases. 

(A). In this case (3.1) is the Fourier series of a function ¢(/). Since 
it converges to F(A) for small h, 6(h) == F(h) for almost all such h, and 
we may suppose that this is true for all such h. Hence ¢(h) = ο( 5). 
Now 


1—r?2 


hag t > a, cosnhr® = =| re τῇ 


for r < 1, the limits of integration being —7z and 7. Differentiating 
twice with respect to h, and then putting 2 = 0, we obtain 


᾿ - 2 f r(l—r*)Q 
Σ ας ΞΞΞ —2 > no, 7 ra =| τς. PC9) dé, 


φ(θ) ἀθ 


where 
(5.1) P = 1—2rcos6@+?”, Q = (1+7?)cos θ--- 2γ(1- 5130). 
Now IQ] < H{Q—r)4+63, ΡῈ A,{(l—r)?+ 64 


for appropriate H,, H,, and φ(θ) = 0(67). Hence 


Sage = of {ποτέ 4] = of | apes) = 


when r> 1. This proves the theorem in case (A). 


6. Passing to case (B), we start from the formulae 


. i fi-r | _ 1+ 0° 
lo { Ῥ cos 76 dé = oan | (1 ἥν dé 
-- = a { (1—cos 26) Ἐς @ 
where P and Q are defined as in (5.1). It follows that 


72 7 
> 4,7" = --: > τῇ ἢ (1—cosnd) ©, dé. 
Now, by hypothesis, 


ἔα. ἘΣ a, 6059 = Ξε -- > a ἊΣ — 059 =; (]—cos 79) 


tf 
γι 


4180 


370 ON RIEMANN AND ABEL SUMMABILITY [App. III 


converges uniformly to 0 for small 6, say for [0] < ¢, so that the contribu- 
tion of the integral over (-- ζ, ζ) is 0. It is thus sufficient to prove that 


(6.1) > τῇ [ον & ad) = ο[ τ", : ) 
ζ 


for any fixed positive ζ (and a fortiori to prove it bounded). First, 


(Say fe) 


is plainly bounded. Secondly, Q/P? and its derivatives of the first two 
orders are uniformly bounded in (ζ, π), and | 


ἢ, ΞΞ cos nb ας dé = εὐξιπῆς {τε} +7) 


n Pf) 
by two partial ων and a, == ο(η3). Hence 
AnJn a,sinnl Q(¢) 
Ὁ). Sif ye OO 4 Yolk) 


Since δ᾽ n-*a,,cosn converges uniformly for [0] < ¢, > n-%a,, sinn€ 
is convergent. Hence (6.2), and so (6.1), is bounded, and this completes 
the proof of the theorem. 


7. We need only say a few words about Theorems 255 and 256. 
In each case the first stage of the proof is like that of the proof of 
Theorem 254. In Theorem 255 our data concern the series > n—a, sin nh, 
and we must use the form assumed by Theorem 257 when A is a sine 
and B a cosine series. In this case the second part of the proof is 
trivial. If 
(7.1) — Yn-a,sinnh = Fh) = o(h), 


and the series is a Fourier series, then 
h 
a 
(7.2) > τα (1 — C08 mh) = [ F(t) dt = o(h?), 
0 


because a Fourier series can be integrated term by term; and if (7.1) 
converges uniformly to 0 for small A, then (7.2) is 0 for small ἢ. 
In Theorem 256 we are given (again taking s = 0) that 


(7.3) Σ n-*s,, sin?inh 


7] ON RIEMANN AND ABEL SUMMABILITY 371 


converges to Κ᾽ (δ) ἣν o(h) for small h, and have to prove that > a, 75 > 0, 
ie. that (l—r) ¥ 8,7" > 0. We write (7.3) in the form (3.1), with 


tn = — ns, (n > 0), X= > ὍΜΩΣ 
and argue as in the proof of Theorem 254. The argument proceeds 


much as in §§ 4-6, except that μὰ (0) is now ο(θ) instead of ο(θ5), and that 
the conclusion is | 


> No», 7 = (+5) 
instead of o(1). 


8. We add in conclusion that Kuttnery{ has proved stronger theorems, 
viz. that (R, 2) --» (C, 2+) and (R, 1) -- (Ὁ, 1-Ε δ) for every positive ὃ. 
There are also theorems bearing in the opposite direction. Thus Hardy 
and Littlewood{ proved that (C, —8) — (R, 1), and Bosanquet, Paley, 
and Verblunsky§ have proved theorems which include both this and 
(C, 1—8) —> (R, 2). The special cases (C, 0) —> (R, 2) and (C, —1)-—> (R, 1) 
are familiar, the first (due to Riemann) being the regularity theorem 
for (R, 2) summability, and the second a theorem of Fatou generalized 
by Hardy and Littlewood,|| who proved that Σ᾽ a, = 8 (R, 1) whenever 
Σ αν, converges to 8 and a, > —H/n. 

+ PLMS (2), 38 (1935), 273~83. 

t PLMS (2), 28 (1928), 301-11 (305). 

ἢ Bosanquet, PLMS (2), 31 (1930), 144-64; Paley, POPS, 26 (1930), 173-203; 


Verblunsky, ibid. 34-42. 
| JEMS, 1 (1926), 19~25. 


APPENDIX IV 
On Lambert and Ingham summability 
1. We shall say that > a,, is summable (L) to 8, or that 


: S, = a +a,+...ta, >s (L) 
Ϊ 
(1.1) Fy) = >e 0, ον > 8 


when y > +0.} If the series in (1.1) converges for y > 0, then 


| 2 aa yte—vt 
By) = Σ Sn a Err en — > % j ΕἸ el 


where 


and we can also write (1.1) in the form 


(1.2) : | a( =) dt > 9. 


We saw in ὃ 12.9(7) that g(¢) is W. Hence, as a corollary of Theorem 
233, we obtain (A) if > a, is summable (L) to 8, and s,, is bounded and 
slowly oscillating, or real, bounded, and slowly decreasing, then > a,, 
converges to 8. It is this theorem, with a, = n-1u(n), which is used in 
the proof of the prime number theorem sketched in the note on § 12.11. 
The proposition (A) is sufficient for the application, and this is enough 
to show the interest of Lambert summability; but (A) is imperfect as 
it stands, and we do not state it as a formal theorem. Actually, as we 
shall see in a moment, the condition ‘s,, is bounded’ is unnecessary, 
being a consequence of the other hypotheses. 


2. There are two theorems of inclusion connecting the ‘Lambert’ 
method with more familiar methods. 
THEOREM 259. If > a, = 8 (C,k), for some k, then > a, = 8 (L). 
+ The phrase was introduced by Ananda Rau, PLMS (2), 19 (1919), 1-20. It is 
οῦ 
convenient to begin the series with a,, and >) will stand for Σὺ throughout this appendix. 
1 
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Thus (Ὁ, k) — (L). 
In particular, (L) is regular. The proof is straightforward,j and we 
do not write it out in detail. It depends on a ‘convergence factor’ 
theorem. If ¥ a, = 8 (6,1); 
f,(y) ts continuous, and f,(0) = 1, for each n; n*f,(y) > 0 when y > 0 
and n->0o; and δ᾽ n¥|A*+f, (y)| < H, where H 1s independent of y; 
then > a,,f,(y) > 8 when y > 0. In particular this is true if 

fy =fry), fO=1, fe) =ot-*) 


for large ἐ and every k, and 
[ te) Ὁ) (}} dt «: οὦ 


for every k. Here we take f(t) = ἐε-{(1--- οτῇ). 
The second theorem is more difficult. 


THEOREM 260. If > a, = 8 (L), then > a, = 8 (Α).} 
Thus (Ὁ, k) —> (L) — (A). 


It is plain that Theorem 260 enables us to deduce a Tauberian theorem 
concerning summability (L) from any one concerning summability (A). 
In particular, after Theorem 106, we have 


THEoREM 261. If Sa, =s (L), and s, is slowly oscillating, or real 
ané slowly decreasing, then > a,, converges to 8. 


This is (A) of §1, relieved of the superfluous condition that 8,, is 
bounded. 

Theorem 260, though a pure Abelian theorem, lies deeper than (A), 
its proof demanding the assumption of the prime number theorem 
and indeed of rather more. Thus, though (A) is a corollary of Theorem 
261, and the prime number theorem one of (A), we cannot base the 
proof of the prime number theorem on Theorem 261. We shall assume 
that, if 


_ Se 
(2.1) N(x) = rae 
then 
(2.2) Σ n-|N(n)| <0. 


+t The theorem is proved by Hardy, PEMS (2), 13 (1913), 192-8. His proof may 
be simplified by using the theorem quoted, which is due to Bromwich, MA, 65 (1908), 
350-69 (358-9). 

1 Hardy and Littlewood, PLMS (2), 19 (1919), 21-9. 
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This is true if, as is known, 


(2.3) N(x) = O{(ogx)-%}-4 

We suppose s = 0, and write, for y > 0, 
9.4 = -η ΞΡ Me 
(2.4) fy= Tem, gy) = > α, A. 
Then 


(2.5) gly) = Σ nya, Demy ταν ΣΣ μᾶς GE ey > f'(my), 


the inversion being justified by absolute convergence. Hence 


“σῷ = > wom LY = E> A ρα) 


Vv y my 


(m+1)y 


= > N(m) Ϊ 1) dy, = XY + > =44+4, 


<y-t m>y 


say. Now g(u) = O(1), and g(w) = 0(1) for small wu. Hence 


eae Ν 
5. τὸ Σ ΤΩΣ | du — of S Meh — oc, 


m<y-* my 
haar N 
8, = of > em | | = of > Men = o(1), 
m>y* my m>y* 
and f(y) > 0. | 


3. Theorems 259 and 260 are Abelian theorems stating relations of 
pure inclusion. It is natural to ask when summability (L) can be in- 
ferred from summability (A), and theorems of this kind have a Tauberian 
character. The Tauberian condition will be an additional condition on 


fly). 


+ Actually N(x) = O{(log x)-*} for every k: see Landau, Handbuch, 570, 593-7. 

It is obvious that (2.3) asserts more than (a) N(x) = o(1), and so (as we shall see in 
§ 6) more than the prime number theorem, but it is a little less obvious that (2.2) carries 
these corollaries. It is, however, easily verified that (a) is a corollary, not only of (2.2), 
but of either of the weaker hypotheses. 


(Ὁ) > nN (n) is convergent, (c) > N(n) = o(z), 
πξο 


the second of which follows from the first by Theorem 26. In fact (6) is N(n) -Ὁ Ο(0, 1), 
and N(n), being the partial sum of a series whose terms are O(n-), is slowly oscillating. 
Hence, by Theorem 68, N(n) — 0. 

t By one of the inversion formulae of Mobius: see, for example, Hardy and Wright, 


237. 
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THEOREM 262.7 ΠΗ͂Σ a, = 8 (A), f(y) is defined by (2.4), and 
(3.1) fy) > —Hy”, 
then > a, = 8 (L). 

We suppose s = 0. We have 

fy=—frod, gy) = --νΞΣ Γι), 
y 

by (2.5). Hence 


(m+1)y | 
(3.2) Sy) =fy)—9y) = | {f'eny)—f'O} dt = Σ ἀρ), 
say. Also ee es 

m+l)y 
uf '(y) = 9D (7 my)—F {m+ 1y}) = Xf (Fry) —F (m+ 1)ν}) at 
(3.3) i 
(m+1)y 

Ty) =fy)—uf'y—9y) = [ (f'{(m+1y}—F'O) dt = Σ rly), 


say. Now f(y) > 0 and f"(y) > —H/y*, and so yf'(y) > 0, by Theorem 
101. Hence, in order to prove that g(y) > 0, it is sufficient to prove 
that 


(3.4) lim S(y) < 0, (3.5) lim T(y) > 0. 
We write 
(3.6) δ) = (Σ, ἘΣ 7μῳ) = S(y)+S2(y), 


and choose M so that H/M <e. If my <t <(m+1)y then 
f'(my)—f (t) = —(é—my)f"(z), 


where 7 lies between the same limits. It follows that 
f'(my)—f'(t) < Hm y", 

and so that | 

(3.7) S(y)< > Hm <HM- <«. 

m>M 


Also yf’(y) > 0 with y, and u,,(y) = 0(y.y~?) = 0(1) for each m. Thus 
-S(y) > 0 when J is fixed; and this and (3.7) give 


lim S(y) < e. 
Since ¢ is arbitrary, this is (3.4). 


+ Hardy and Littlewood, PLMS (2), 41 (1936), 257-70 (258-60). 
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To prove (3.5), we argue similarly with 7'(y) and v,,(y). In this case, 
when my < ὁ < (m+1)y, we have 


{m+ 1)ν}--- (ἢ = (m+ Dy—Of"(7) > —Hm-4y, 


and the rest of the proof follows the same course. 
If a,, > —H/n, then 


fly) = > n’a,e- > —H Σ ne > —Hy-?, 


80 that the condition of Theorem 262 is certainly satisfied. 
A second theorem in this direction is 


THEOREM 263. Jf > a, = s (A) and |f’(y)| < d(y), where φ(ψ) is a 
positive and decreasing function integrable down to 0, then > a,, = 8 (L). 


Ingham’s method 


4. Ingham{ has defined a method of summation which is related to 
his proof of the prime number theorem (δ 12.11) much as the Lambert 
method is related to Wiener’s. We shall say that > a,, is summable (I) 
to s if 


n[2 
(4.1) t(x) as ᾿ Η a, Ὁ 8 
when ὦ -Ὁ οὐ. The method is not regular, but its relations to the Cesaro 
methods are interesting. In particular Ingham has proved that 
(6, --δ) —» (I) — (C, δ) 

for every positive 5. Here we prove only 

THEOREM 264. If > a, = 8 (1), then > a, = 8 (C,1).§ 

THEOREM 265. If > a, = 8 (I), then a, = o(loglog 7). 

We take s = 0 and write | | 
(4.2) 6,=na,, Bix)= 3 by, F(a) = at(x) = ο(α). 
Then we have > 


(4.3) Fiz)= 3, Σ ῚΞ > Σ n= Σ (=) 


«απ MKL NK m 
mx} S «ὦ [Ὧν γξα 


Τ᾿ Ananda Rau, l.c. (Theorem 22). His condition (ii) is superfluous, being ἃ corollary 
of (i). The short proof given by Hardy and Littlewood, 1.6. 259, is fallacious. 

{ L.c. under ὃ 12.9. (See Corrigenda, p. 386.) 

§ We shall see in § 6 that (C, —1) --» (I) is a corollary of ‘Axer’s theorem’. 
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and so, by another of the Mobius formulaey} 


B(x) = 2 win) F(=) 


NT 


Now 
(4.4) AM) = ¥ (e—n)a, => fi J (= —] dB(u) 
= — [ Be 4.1} =2{=0 du, 
jay ΤΕ j ΓΣ mv) τ -y (n) j ΠΕ: 
2 fre Fle a = [τῷ (>, Hin) ΓΞ | τω ΜΕ} ΓΙ 


‘where N(x) is defined as in §2: we make the same assumption about 
N(x) as there. It follows that 


fA an— 2 θυ {τῇ 


After (4.2), this is 


fol) dw +f ΒΩ dw 
~ of fe a} of { We in| = 0(1). 


Thus A(z) = o(x), by (4.4), ie. > a, = 0 (C, 1). 

This proves Theorem 264, and we can now transfer Tauberian 
theorems for summability (C) to aoe (I). In particular we 
have 


THEOREM 266. If > a, = s (I), and s, ts slowly oscillating, or real and 
slowly decreasing, then y a, converges to s. 


To prove Theorem 265, we write Ff pan in the form 


F(x) = 2 bn, = 2 = 2 Bo | 


MNn<x qxx nig 


{ Hardy and Wright, 236. 
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say. Since F(x) = o(x), 8, = o(g). Hence, using the most familiar of 
the Mobius formulae,t 
a, == 6, = 4) = ὃ d) = : 
q a Ω " a(§ Ba (> ) o{a(q)} 
where σ(ᾳ) is the sum of the divisors of g. But σ(4) = O(qloglog q),t 
and so a, = o(loglog 4). 


The deduction of the prime number theorem from (12.11.4) 


5. We have taken it for granted, in §12.11 and elsewhere, that the 
prime number theorem can be deduced from (12.11.4) by elementary 
reasoning. This was proved by Landau in 1911,§ but the proof is not 
given in any book. The deduction depends on an important elementary 
theorem which we shall call ‘Axer’s theorem’.|| 

THEOREM 267. If (a) x(x) ts of bounded variation in every finite 
unterval 1 <u< X, 

(5) an = 0(z), 


and either of the pairs of conditions 
(1) χ(α) τ- 0), (41) Σ lal = Ο() 
(02) x(x) -- Ol) (0<a<1), (42) a, = O(1), 


13 satisfied, then Σ an ἼΒ = 0(x). 
NRX 


We suppose 0 < 6 < 1, and write 


x —_— 
(5.1) se) -- Σ᾽ α, ΧἨ) -- E+ 3 = 5.18, 


πξα 


say. Then, if A, = 0, a,+a,+...+a, = A,, we have 


%= > (4,—An-ax (=) = Σ (4,-- 4, χ [τ] 


δαςηςα n=[(d2]+1 
ΒΡ ΡΝ, ΠΤ 
== vax earra ix} X [z] oe n\X\7 jx ail’ 
[5]-- 1 
Μ᾿ μη Μη Μη 
= Ps x(G)—*(aga) (cata) P(e 
{ Hardy and Wright, 235. 1 Ibid. 264. 


§ WS, 120 (1911), 973—88. For the converse inference see Landau, Handbuch, 588-90. 

| The actual theorem proved by Axer (PMF, 21 (1910), 65-95] is Theorem 267, with 
x(x) = x—[z] and a, subject to (δ) and (ὦ 1). It is the second form of the theorem, 
with conditions (c 2) and (d 2), which is most important here. The arrangement and 
proof are Ingham’s. (But see Corrigenda, p. 386.) 
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are, after (a), all less than functions of ὃ only. Thus 
(5.2) , [8.1 < o(x)P(8), 
where (δ) depends only on 6. 
If conditions (ς 1) and (ὦ 1) are satisfied, then 
(8. < HS ἰα,} < Ηδε 


for a fixed H. If conditions (c 5) a (d 2) are satisfied, then 
5, «δ Ε τὴς < Ηχα(δα)}.-α = Ηδι- αι. 


n<dz 
In either case we can choose δ(ε) so that |S,| < ex; and then, after (5.2), 
choose 2% = %(8, €) = %p(e) so that [82] < ex for x 2%, It follows 
that S(x) = o(x). 


6. The prime number theorem is equivalent to (x) ~ x, where 


(6.1) ψ() -ἰ A(n) sa Σ: log p; 
ΛΔ &(s) 
and ae aay 


for Rs > 1.1 Thus if 


_ 0) _~ So 
H(s) Say τ - τ 


then 61 = 2γ--Ἱ, Cc, = A(n)—1 (n> 1), 
O@) = Σ ο, = Σ (Mn) —1} 4-27 = We) [e+ By, 


and the prime ne theorem is equivalent to C(x) = o(z). Also 


H(s) = 7, τοῖ- ζ.)-- ζ(6)-2γζ(6}} = F(s)G(s), 
where | 
(6.2) F(s) = fia = =>, a = n(n), 
(6.3) G(s) = —£ (6) — Ee) + 27t(e) = > 25, 


so that 6, = logn—d(n)+2y, where d(n) is the number of divisors of 
n.{ Thus, assuming (12.11.4), we have 


(6.4) A(z) = Σ a, = Σ mln) = M(x) = ο(), 
Biz) = Σ bn = Σ logn— Σ d(n)-+ ey Σ 1: 


+ See Hardy and Wright, 252, 344 et seq. { Ibid., 249. 
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The first sum in B(x) is zlogz—x-+ O(log x); the second is 
x log x-+-(2y—1)a+ O(vz), 
by a familiar result in the theory of ‘ Dirichlet’s divisor problem’;}+ and 
the third is x+O(1). It follows that 
(6.5) B(x) = O(vz). 
Now from H(s) = F(s)G(s), 1.6. Sc, n-§ = Ya,n- > 6,78, it 
follows that 
C ΞΞΞ n= = = x . 
(2) mo" »»- ὥ On = 2" mdm pa an B= 
Here (1) B(x) is of bounded variation in any finite interval (1, X); 
(2) A(x) = 0(x), by (6.4); (3) Β(α) = Ο( Ὁ), by (6.5); and (4) dy = O(1). 
Thus the conditions (a), (6), (6 2), and (d 2) of Theorem 267 are satisfied, 
and so C(x) = o(x). Thus the prime number theorem is a corollary of 
(6.4), and ὦ fortvori of the convergence of Σ᾽ n—(n).} . 
Here we have used the second form of Theorem 267. As an example of the 


use of Axer’s theorem in its original form, we prove the implication (C, — 1) - (1). 
Rather more generally, we prove 


THEOREM 268. If > a, converges to 8, and na, > —H, then > a,, is summable 
(I) to 8. 


For then (taking s = 0) 
(6.6) > na, = (2), > nla,| = > na,—2 Σ naz = O(z), 
Nae noe NRe ΠΕ: 


and therefore, by Theorem 267, 


(6.7) > na,(=—[=]) -- o(z), 


> Fla, = 2 ant oll) = 0(1). 


As a further example, if a, = n-1(n), then the first of (6.6) is (6.4) and the 
second is trivial, and (6.7) follows, by Theorem 267. Also 


> (n= = mel) = 2, > p(n) = 


Ne 


since the inner sum is 1 when g = 1 and 0 otherwise. It follows from (6.7) that 


4 > ail =a o(z), 


noe 
i.e. that > n—u(n) converges to 0. Thus this is an elementary consequence of 


(6.4). 


+ Hardy and Wright, 262. 
{ See the footnote to p. 374. On the other hand, the prime number theorem implies 
aun ty(n) = 0, Landau, Handbuch, 591-3. 


APPENDIX V 
Two theorems of M. L. Cartwright} 
1. If Sa, = s (A,p), ie. if 


(1.1) > a,c" > 8 
when y -> 0, and 0 <q «»", then δ᾽ a, = 8 (4,4), 1.6. 
(1.2) > a,eU™ > 8, 


provided only that the series (1.2) converges for y > 0. We prove this 
here, in a more complete form and with a companion theorem in the 
opposite direction. 

If y = re*® and (1.1) holds uniformly in the angle 


(1.3) ἘΠ 

then we shall say that 

(1.4) > a, = 8 (A, p, a, a9). 

We shall prove 
THEOREM 269. If 

(1.5) p>0, gq=kp, 0<k<l, 

(1.4) is true, and > a, e-¥™ is convergent for y > 0, then 

(1.6) > Gm = 8 (A,q, Bi, Be) 

for 

(1.7) —$n+k(br+o4) < By < By < ἀἐπ-- Γ(ἀπ--α,). 
THEOREM 270. Jf 

(1.8) p>, q=kp, ἘΣΣΊ, 

(1.9) s—a, > τ{ -ῃ 


and (1.4) ts true, then (1.6) ts true under the conditions (1.7). 


Some preliminary remarks are desirable. 

(1) In Theorem 269, 0 <q < p, and the theorem includes that cited 
at the beginning of the section. The convergence of δ᾽ a,e-¥, for 
y > 0, must be taken as a hypothesis. In Theorem 270, ᾳ > p. The 
convergence of Σ᾽ a,,e-¥™ for y > 0, implied in (1.1), carries with it 
that of > a, e-¥™", so that no hypothesis concerning this is needed. 


+ M. L. Cartwright, PLMS (2), 31 (1930), 81-96 (where the method of proof is 
different). 
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(2) It is plain that the range (8,,8,) prescribed by (1.7) always lies 
inside (— ἔπ, $77). If k < 1 then 


—3n+k(hartoy)—a = -- -ὐλ)ίἐπ- αι) < 0, 


so that —47-*k($7-+0,) <a,; and similarly ζπ--- ἀ(ξπ--- αΩ) > ag. 
Thus (8,,8,) may extend beyond (a,,a,) at each end: the angle of 
summability in the conclusion is greater than that in the hypothesis. 
We may suppose αἱ = ας, in which case the hypothesis asserts (1.1) 
along one line only. 

If k>1 then —4r7+k(47-+a,) > a, and ἐπ--ἀ(ἐπ--- ας) < ag, 80 
that (8,, 8.) lies inside (a,, ας) at both ends, and the angle of summa- 
bility in the conclusion is smaller than that in the hypothesis. The 
hypothesis (1.9) is equivalent to 


— gr-+k(a+a,) < ἐπ-- ἀ({π---αρ), 
and is essential to the conclusion. All this is in harmony with the 
general principle stated in §4.12. If g <p then the (A,q) method is 
less powerful than the (A,p) method, and therefore less likely to be 
‘applicable’, but, if applicable, it is more effective. 


2. We need a lemma concerning the Fourier transform of ες τ΄. 
THEOREM 271. If 


Ripe — γρῖθ εἰς: rit 
k > 0, 5. λ, x= re, F(x) he cos xt dt 
for positive x, then (1) the analytic function F(x) defined by the integral ἐδ 
regular for [0] <A, (2) F(x) = O(1) for small x, and (3) F(x) = O(r-*-*) 
for large x, each of (2) and (3) holding uniformly in any angle 
[9 <A-—e <A. 

If k > 1, then F(z) is an integral function and (1) and (2) are trivial. 
If & = 1, then F(x) = (1+2?)-1, the integral converging for |3(x)| < I. 
If k < 1, then the integral for F(x) is convergent only for real xz. But in 
any case we have 


F(x) = : et cost αἱ, 
first for positive x and then for cosk@ > 0, i.e. for [0] <A. Also _ 
|Fi(x)| < ᾿ | e—UirFFcos k(A—€) oft 
7 


for [0| < A—e, so that (2) is true for k > 0. 
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Next, for positive z, 


2F 1) = x { e~“cos at dt = k Ϊ e-"¢k-1 gin xt dt 
as = et ¢k—-1giat feats et tk-le-iat dt — aF,(x)—xF,(a), 
2d . 20 
say. Still supposing that x is positive, we have 
k nie eee Ts 
LF, (x) = aah | ε- Πα δ με-αρί dt; 


and we may take the integral along the line t = pe*?, where ¢ is 
small and positive. The integral is then absolutely and uniformly con- 
vergent for x in any angle |0| < A—¢d—n < λ--φ, and represents xF, (2) 
throughout |6| < A—d@; and 


cet 
k : T(i+k) 4... 
k+1 ΚΦ pk-leit gp — 72") ρἐκπὶ 
ona) > 5. | 1 οἷ dt aa 
0 


when x tends to infinity, uniformly in [0] < A—¢—7. Similarly, using 
a path of integration below the real axis, we see that 


Qiak +1 F(x) > D(1+k)e2**", 
uniformly in the same angle, and (3) follows. 


3. Passing to the proof of Theorems 269 and 270, we have 
(8.1) e-vt 2 | F(t)cos(y¥n?t) dt = ὦ | Pye¥'dt2 P(t)e*¥' dt, 
ΠΤ ΠΤ vis 


ify > Oand Y = yVknp, If t = pe’?, O< φ, <a and —7< ¢, < 0, 
then arg(—7Yt) and arg(tYt) lie between —4n and ἐπ for0 << φ - 4, 
and ¢. < ¢ < 0 respectively. If also 

(3.2) lg] « λ--ε, ἰφεω] « λ--ε, 

then it follows from Theorem 271 and Cauchy’s theorem that we may 
replace (3.1) by 


(8.8). en-unt Ὁ | Ρ( εἶσι dt +— Ξ Ft F(t)e-*¥* dt, 


where C, and C, are the radii ¢ = ¢, and ¢ = ¢,. It also follows that 
(3.3), proved at present only for y > 0, is true for complex y = ret? 
and ¢,, ¢, satisfying ᾿ 2), and 


(3.4) --ἠπ « πεν" iar ἐπ, --π < ἐπ τ i++: < < ἐπ 
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(instead of 0 < φ, <7, —7 << φ, <0). A ene it is true if 


(3.5) ay <br t 4d. <a, αἱ <de tl tbe < αν 


and ¢, and ¢, satisfy (3.2). 

Let us assume provisionally that, when 8, < @ < B,, we can choose 
φ, = φ,(θ) and ¢,=¢,(8@) so as to satisfy (3.2) and (3.5). Let 
τ = exp{4(a,-+a,)i}, and take 8 > 0. Then 
(3.6) 


1 1 
—yn*—Srn? “Ὁ —n?z, = —n? 2g = 
> a,,€ n - > ῶ, 6 rayat+=[ > a, 6 F(t) dt = x, +x: 
C1 ᾿ C2 


say, where Z, = 8r—ty""t, 2. = δτ- iyt, 

provided that we can justify the summations under the integral sign. 
If z, = 8r+Z,, then arg Z, lies in (a,,a,), and 2; lies in the angle 

D(8) whose vertex is at ὃτ and whose sides make angles αι and a, with 

the positive real axis. Thus, if 5,y are fixed, > a,e-"4 converges 

uniformly on arg ἐ = ¢,; and 


[ | F(t)| dt 


is convergent. It follows that the term-by-term integration in x, is 
legitimate, and that in x, may be justified similarly. 

Next, f,(2) = }a,e-"” is, by hypothesis, uniformly continuous in 
D(0), and therefore, by Theorem 31, 


ἘΝ -ynf __ |y —yn!*—Srn? 
fly) = > ne sf lim > @,,¢ ᾿ 
ae [ f,(—iy"t) F(t) dt +: { foliyMt) F(t) dt, 
C σ 


if the series > a, e-¥"" is convergent (a hypothesis needed only when 
q <p, k <1, as we pointed out in $1). 

Finally, f,(—iyl/*t) and f,(iy/*t) tend uniformly to 8, when y—>Oin 
the angle 8, < 6 < f, and |t| is bounded, and are uniformly bounded 
᾿ς in the angle, for all. {¢|; and 


fir@ia, [ΠΡΩ]αὶ 
Ci Ce 
are bounded and uniformly convergent for φ,, ¢, satisfying (3.2). 


Hence 50)» af [+ J \ro 2 =| Pit) dt = 


uniformly in Bp, < θ < β.. 
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It remains to justify our provisional assumption that ¢, and gd, can 
be chosen so as to satisfy (3.2) and (3.5), and for this purpose we may 
take « — 0. Considering the inequalities for ¢,, we have to show that 
¢, = $,(8) can be chosen so that 


θ θ 
-ς, <<a αχεύπ-- τ <b S tat fF 
This is certainly possible if 
0 π π θ 
ΤΣ πὴ ΞΕ nate ἔπεσον 
αι 37 k < Oy ok «- y+ ἐπ I’ 
1.6. --2π- κ(ἔπ- αἡ) -θ < $r+k($7+ ας), 


and a fortiori if B, ΞΞ θ < B,. Thus Φ,, and similarly ¢., can be chosen. 


4. It may be useful to add a short statement of the principal 
properties of F(x): Theorem 271 contains only the minimum necessary 
for the proof of Theorems 269 and 270. If k > 1 then 


(4.1) F(x) - ore "|e 


is an integral function. It has an asymptotic expansion 
__1}\m—1 
(4.2) > Ξ- C(mk-+1)sin 4mka x-™*-1 


valid in the sectors jarga| <A and |arg(—x)| <A. This series vanishes 
identically when k = 2, 4, 6,..., and in this case F(z) is exponentially 
small for large x in the sectors, and all its zeros are real. In any case 
it is exponentially large in the remaining sectors. The exponential 
approximations may be found by the saddle-point method. 

When k < 1 the integral for F(x) converges only for real x; but the 
series (4.2) is convergent, and F(x) = -1G(x-*), where G(w) is integral. 
In this case the series (4.1), now divergent, represents F(x) asympto- 
tically for small x with |arg2z| < A. 

When 0 <k < 2, F(x) > 0 for positive z. 

Fuller information, and references, will be found in Polya, MM, 52 
(1923), 185-8; Wright, JLZMS, 10 (1935), 286-99; and PT RS, 238 
(1940), 423-51, and 239 (1946), 217-32. 


5. Finally, we add a few words concerning the application of the 
(A,q) method to Fourier series. The main theorem is 


THEorEM 272. The (A,q) method is Fourier-effective for every 4. 
4730 Ce 
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We need an extension of the ordinary theorem concerning A or 
(A, Ε) summability, viz. 

THEOREM 273. If f(t) satisfies 1, for t = 0,t and —4m < αι < ας - 47, 
then the Fourier series of f(t) is summable (A, 1,0, x2), for t = 6, toc. 
In particular this is true, with c = f(@), for almost all 6. 


We leave the proof, which is similar to the ordinary proof of A 
summability, to the reader.{ Theorem 272 is a corollary. We can 
choose α so that 

0 < ἐπ--σ(ἐπ--α) < ἐπ 
(as is always possible by taking « near enough to 47). Then the Fourier 
series is summable (A,1, —a,a«), by Theorem 273; and therefore, by 
Theorem 269, summable (A, ῳ, —B, 8) provided that 


0<B < ἐπ--α(ἐπ--α). 
In particular, it is summable (A, 4). 


{ i.e. (1.2) of Appendix IT. 


t It is only necessary to show that if 
1—e-% 
<i _ την = CCC Oo 


y= ut-iw, v = utany, ἰχὶ < x0 < ἐπ, 
| aK 
then ΖΞ dt « H, 
δὲ 
-π 


where H depends only on x9. See Appendix IT, 


CORRIGENDA 


p. 286. The statement that ‘any h of L can be expressed in the form (12.2.1), 
with an r of L’ is false, since H(t)/G(t) = R(t) > 0 as |t|-> co whenever r is L 
(Titchmarsh, Fourier transforms, Theorem 1). But in the relevant theorem 
(Theorem 229) ἢ is restricted so that H(t) = 0 for large |é|. 

p. 376. A summation method equivalent to Ingham’s method, (I), was given 
earlier by A. Wintner, Hratosthenian averages, Baltimore, 1943. 

p. 378. The extension of ‘Axer’s theorem’ given as Theorem 267, and indeed 
with the more general conditions (ὁ 2), (d 1) in place of the alternatives (c 1), 
(d 1) or (ες 2), (d 2), is included in a theorem of ἘΣ. Landau, RP, 34 (1912), 
121-31, Satz 5. 
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